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PREFACE 


The course in advanced calculus contained in this book has for 
many years been given by the author to students in the Massa- 
chusetts Institute of Technology. The choice of the subject matter 
and the arrangement of the material are the result of the expe- 
rience thus gained. The students to whom the course has been 
given have been chiefly interested in the applications of the calculus 
and have felt the need of a more extensive knowledge than that 
gained in the elementary courses, but they have not been prima- 
rily concerned with theoretical questions. Hence there is no 
attempt to make this course one in analysis. However, some 
knowledge of theory is certainly necessary if correct use is to be 
made of the science; therefore the author has endeavored to in- 
troduce the students to theoretical questions and possibly to incite 
in’ some a desire for more thorough study. As an example of the 
method used, a proof of the existence of the definite integral in one 
variable has been given; for the multiple integral the proof has 
been omitted and simply the result stated. The student who has 
mastered the simpler case is in a position to read the more difficult 
case in easily accessible texts. 

Existence proofs have also been given for the simpler cases of 
implicit functions and of differential equations. In these proofs 
the author has preferred to make the assumption that the func- 
tions involved may be expanded into Taylor series. This, of 
course, restricts the proof; but the somewhat immature student 
gets a clearer idea of the meaning of the theorems when he sees 
an actual series as the solution. The more abstract concept of 
a function may well come later. Furthermore, the student is 
likely to apply his results only to functions which can be expanded 
into series. 

Because of this constant use of the power series that subject is 
taken up first, after certain introductory matter. Here again, fol- 
lowing the line of simplicity, the author has not discussed series in 
general. The gain in concreteness for the student justifies this, but 
the teacher who desires to discuss series of a more general type 


may do so with the aid of the exercises given for the student. 
ili 
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The Fourier series are introduced later as tools for solving certain 
partial differential equations, but.no attempt has been made to 
develop their theory. 

The subjects treated in the book may be most easily seen by 
examining the table of contents. Experience has shown that the 
book may be covered in a year’s course. The exercises for the 


student are numerous. 
FREDERICK S. WOODS 
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ADVANCED CALCULUS 


CHAPTER I _ 


PRELIMINARY 


1. Functions. A quantity y is said to be a function of a quan- 
tity x uf the value of y is determined when the value of x is given. 


Elementary examples are the familiar algebraic, trigonometric, 
logarithmic, and exponential functions by means of which y is 
explicitly given in terms of x. Such explicit formulation, how- 
ever, is not necessary to the idea of a function. 

For example, y may be the number of cents of postage on a 
letter and x the number of ounces in its weight, or y may be defined 
as the largest prime number which is smaller than any number 
x, or y may be defined as equal to 0 if x is a rational number and 
equal to 1 if x is an irrational number. 

It should be noticed, moreover, that even when an explicit 
formulation in elementary functions its possible, y need not be 
defined by the same formula for all values of x. 

For example, consider a spherical shell of inner radius a and 
outer radius 6 composed of matter of density p. Let x be the dis- 
tance of a point from the center of the shell and y the gravita- 
tional potential due to the shell. Then y is a function of x with 
the following formulation : 


y =27p(b?—a*) when zx =a, 


2 
y=2np(?— 2) — S89 when az=xr=bd, (1) 


= ——(b?—a*) when x>b. 


So we may at pleasure build up an arbitrary function of x. 
For example, let y =f (x), where 


iol» 2) when 0 <2 <1) 
f(c) =4 “when x=1, (2) 


f(z) =$2+1 when ¢ >1. 
1 
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We shall say that values of x which lie between a and 6 deter- 
mine an interval (a, b). The interval may or may not include the 
values a and b, according to the con- y 
text. In general, however, the inter- 
vals (a, 6) will mean the values of x 
defined by the statement a=x=b. 

The student is supposed to be fa- 
miliar with the representation of a 
function by a graph. Such a repre- 
sentation is usually possible for the 
functions we shall handle in this book, 
although it is impossible for the func- 
tion mentioned in the third example of this section. The in- 
terval (a, b) appears in the graph as the portion of the axis of x 
between x = a and x= b, and it will be y 
convenient to speak of a point of the 
interval, meaning a value of x in the 
intervals Lhen. ¢—= a) and ¢—= 0 are ; a 
the end-points of the interval. As men- 
tioned above, the interval may or may 
not have end-points. 

The graph of the potential function in 
(1) is the curve of Fig.1. The graph has © 
no breaks and the function is continuous Fic. 2 
(§ 2), but the character of the curve 
and of the function is different in the three intervals considered. 

The graph of the function in (2) is the curve of Fig. 2. This 
graph has a break at the point for which x = 1. 

2. Continuity. A function f(x) is continuous when x = a for which 
f(a) is defined if 


( 
t 
! 
| 
! 
! 
| 
| 
1 


Lim f[(a +h) — f(@)]=0, (1) 
or, otherwise expressed, if 
Lim f(a +h) =f(a), (2) 


where in either formula the limit is independent of the manner in 
which h approaches 0. 

Since h is an increment added to a, and f(a +h) — f(a) is the 
corresponding increment of f(a), we may express this definition 
as follows: 


A function of x is continuous for a given value of x if the increment 
of the function approaches zero as the increment of x approaches zero. 
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A more cumbersome definition, but one which brings out the 
full meaning of equation (1), is as follows: f(x) is continuous for 
x=a when if € is any assigned positive quantity, no matter how 
small, zt 1s possible to determine another positive quantity 5 so that 
the difference in absolute value between f(a+h) and f(a) shall be 
less than ¢ for all values of h numerically less than 6; that is, 


|f(a+h)—f(a)|<e when |h| <6. (3) 


Graphically, « having been given, there can be found an interval 
(a+h, a—h) in which | f(x) —f(a)| <e at all points of the 
interval. 

Consider the function defined by the 
equations 


f(x) = 2 ; When «+0, 
1+eée 
f(0) =0, (4) 

the graph of which is shown in Fig. 3. 

Here f(0+h)—f(0) when h ap- 
proaches zero through positive values, ; Fic. 3 
and f(0+h) >~10+f(0) when h ap- 
proaches zero through negative values. Hence the function is 
not continuous when x=0. There is na interval (— h, h) in which 
| f(x) —f(0) | <e. Furthermore, while y 
the definition of f(0) in (4) is arbi- 
trary, it is not possible to define f(0) 
so that the function is continuous. 

It is to be noticed that f(x) is not 
continuous for x= a if f(a) is “‘infi- O 
nite.” This expression means that 
f(a+h) can be made numerically 
larger than any assigned positive 
quantity by taking h sufficiently small ; 
or, more precisely, if M is a positive 
number no matter how large, then a Wiced 
number 6 can be determined so that 
| f(a+h)| >M for |h| <6. The definition of stated cannot 
then be satisfied for x = a. 

For example, the functions ~ = Drie. 4) and = 5 (Fig. 5) are each 


discontinuous for x = 0, as is ies by the cae: in each of the 
curves representing the functions. 
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The following theorems are of fundamental importance in 
handling continuous functions : - 


I. If f(x) ts continuous at all points of 
an interval (a, b), it is possible to find a 
positive number 6 such that in all subin- 
tervals of (a, 6) less than 6 the absolute 
value of the difference between any two 
values of f(x) is less than € when € is a 
positive quantity given in advance. 


We shall not give a formal proof. It 
is not difficult to see that if these theo- 
rems were not true, definition (8) for 
continuity must fail for at least one 
point of (a, b). Because of the property 7) 2.6 
stated in the theorem, f(x) is to be 


uniformly continuous in (a, b). aoe 


IT. If f(x) is continuous for all values of « between a and b inclu- 
y swe, if f(a) = A and f(b) = B, and if N 1s any value between A 
and B, then f(&) = N for at least one value of & between a and b. 


Fia. 6 


IIT. If f(x) is continuous for all values of x between a and b inclu- 
sive, then f(x) has a largest value M 
for at least one value of x betweena Y 
and b and a smallest value m for at 
least some other value of x between a 
and b. 


These theorems seem to be inherent 
in the very nature of continuity and 
are graphically evident from Figs. 
6, 7, and 8. As a matter of fact, how- 
ever, they are not self-evident and Fic. 8 
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are capable of rigorous proof. These proofs lie outside the range 
of this book and will not be given here. 

The difference between the maximum and minimum values of 
f(x) in the interval (a, 6) is called the oscillation of f(x). We ean 
say from I, 

IV. If f(x) is continuous in (a, b), it is possible to find a positive 
number 6 so that in every interval in (a, b) less than 6 the oscillation 
of f(x) ts less than e. 


3. The derivative. A function f(x) is said to have a derivative for 
x = a if the expression Fe-uhy= fe) 
Siaeh os a) 


approaches a limit as h approaches zero in any manner whatever. 
This limit is called the derivative for x =a and is denoted by 


f(a). We write fat eae 


Li y= fi). (2) 


) 
h-0 h 


In order that the derivative should exist it is necessary that f(x) — 
should be continuous when x = a, for otherwise the fraction (1) 
would not approach a limit. This condition is not sufficient, as 
may be seen by considering the function defined by the equations 


a 
i) Sin: = when 2x40, (3) 
70) =0. 
As x — 0, sin = oscillates infinitely often between + 1 and —1, 
but sin —~—> 0. Hence the function is continuous for x=0. 
x 
Using this function in the fraction (1) with a=0, we have 
. 0 
fia pear 
h at aes 7) 
and sin ; does not approach a limit as h > 0. Hence the func- 


tion has no derivative when x = 0. 
In 1872 Weierstrass gave the explicit statement of a function 


: AT. 
which has for all values of x the property which z sin 2 has for 


z= 0, so that it is known now that a continuous function does 
not necessarily possess a derivative. Hence when a new function 
appears in analysis it is necessary to inquire first whether it is 
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continuous and, secondly, whether it has a derivative. It is 
only functions which possess these two properties that are of - 
interest in this book. 

We have discussed the derivative of f(x) for a value a of x. If 
f(z) has a derivative at each point of an interval, there is thus 
defined a new function f’(x) by the formula 


Similarly, we define f’’(x) as the derivative of f’(x) or the second 
derivative of f(x), f’’’(x) as the derivative of f’’(x), and so on. 

It is assumed from this point that the student is familiar with 
the elementary process of differentiation. The proof of these ele- 
mentary processes involves implicitly the proof of the continuity 
of the function and the existence of the derivative. The student 
is also assumed to be familiar with the fact that if a function is 
represented by a graph the derivative gives the slope of the tan- 
gent line to the graph. 

The graph of the function 


(4) 


Aw Li 
= sin — 
U x 


is given in Fig. 9 for positive values of x. For negative values of 
x the curve is reflected on the line OY. It is of course impossible 
to draw the curve in the close 
neighborhood of the point O; but 
it is clear that if O be joined to 
any other point P of the curve, 
the line OP oscillates through an 
angle of 90°. The curve there- 
fore has no tangent line at O. 

The Weierstrass function men- 
tioned above is represented by a 
curve which has no breaks, but 
has no tangent (that is, no definite 
direction) at any point. 

These examples illustrate the x 
fact that a graph is at best merely Be 
a rough way to represent a function, and that conclusions drawn 
merely from the graph may be erroneous. The graphs are helpful 
in understanding or formulating a theorem, but an analytic proof 
is always necessary for rigor. 


ROLLE’S THEOREM tf 


4. Composite functions. Let y = f(x) be a function of x and let 
cr = $(t). Then, by definition of a function y = F(t). Let t be given 
an increment h and let the corresponding increment of x be k. 


oon k= ot+h) — $(. 
If P(é) is a continuous function of t, k > 0ash—0. Now 
Ft) =y=f(x), 


Fé+h)=f(x+k), 
since h and k are corresponding increments of t and x. Therefore 
F(t+h) — F(t) =f@+hk) —f(x); 
whence Lim [Fit +h) — F()]= Lim [f(a + k) — f(x)]. 


Therefore, if f(x) is a continuous function, 
Lim [F(t+h) — F()]=0. 


Hence if y is a continuous function of x and z is a continuous 
function of ¢, then y is a continuous function of t. 
Let us now form the quotients 


Ft+h)—FO_f@t =) — f(x) 
; = 
ae F(@) o¢+h) — 6 


ee Re ey, bee 


whence, by § 8, on taking i limit, 
F'(t) =f'(z)- ¢’(@. (1) 
5. Rolle’s theorem. Jf f(a)=0, and f(b)=0, then there 1s some value 
£ between a and b for which f’(E) = 0, provided f(x) is continuous in 
the interval a = x = bandhasaderiva- Y 
tive for all values of x between a and b. 
By theorem III, §2, (f)x has a 
maximum M and a minimum m in 
the interval (a, b). If both M and 
m are zero, f(x) is always zero, its ste 
derivative is zero (by (2), §3), and 
the theorem is proved. 
Suppose that M is not zero, as in Fig. 10, and let f(£) = 
Then fE+h)—FE) 
f(E+h) —f(é) 
h 


is negative. Hence 
Cc 
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is positive when h is negative, and is negative when h is positive. 
But, by hypothesis, fEtW —fO 


approaches a limit f’(£), which is independent of the sign of h. 


Hence f(® =0. 
Again if M=0 but m < 0, as in Fig. 11, the same argument 
applies. y 


The student should notice that the 
condition that f(x) should have a deriva- 
tive rules out such graphs as shown in 
Figs. 12 and 18, for in neither case is 
there a derivative in the strict sense of 
the definition when x =c. It is true that 
in Fig. 12 we may speak of a left-hand 
derivative and a right-hand derivative, 
but in so doing we modify the defini- Fic. 11 
tion by first restricting h to negative 
values and afterwards restricting h to positive values. In Fig. 18 


fie +h) —fe) 


we may write f’(c)= ©, but again the limit of 


does not exist in the sense of having a definite value. h 
‘Ya 
Ve 
{ 
o[ @ c b x O| a c b x 
Fia. 12 Fig. 13 


6. Theorem of the mean. J. Jf f(x) 7s continuous in the interval 
a=vz = band has a derivative between x = a and x = b, then 


f(b) — f(a) = (b— a)f'(8), 
wherea<& <b. 
Graphically the theorem is very obvious. In Fig. 14, f(a) = 


f(b) = BQ, b— a= AB, f(b) — f(a) = CQ, and £0) =f) — f(a) - 2 a 
—a C 
the slope of the chord PQ. The slope of the tangent when xz = & 
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is f’(€). The theorem asserts that there is a point R for which 
the tangent is parallel to the chord. 


To prove the theorem analytically construct the auxiliary 


function 
F(z) = fa) — fla) — (c¢— a) Le) )- =i). 


Then 
F(x +h) — F(x) =f(x+h) =f 

Then, if |f(c+h)—f(x)|—>0 as h—0, so pe | F(x +h) 
— F(x)|— 0, and “ 


Now F(a) =0 me FO) = 0); 
as is seen by direct substitu- 
tion. Hence, by Rolle’s theorem, 
F’(€) = 0 for some & between a 
and b. Thatis, 


re= aoe ate 


foe ae 


(@<%=<)) Fic. 14 


From this it follows at once that 
f(b) =f) +(b-—af(, @<& <4) (1) 
which is the theorem to be proved. 
In (1) we may write £=a-+ 6(b—a), where @ is an unknown 
proper fraction, and have 


f(b) = f(a) + (6—a)f[a+ 6(b—a)]). (0<A<1) = (2) 
Still another form of the same result may be obtained by placing 
b=a-+hin (2). 
Then fiath)=f(a)+hf'a+ 6h). (0<6 <1) (8) 
Two consequences of this theorem are as follows: 


II. If the derivative of a function ts zero for all values of x in an 
interval, the function is a constant in that interval. 


In formula (1) replace b by any value of x between a and b and 
wehave f(z) = f(a) + (w—a)f'(). (a <& <2) 
But, by hypothesis, f’(€) = 0, hence 
F(x) = f(a), 


as was to be proved. 
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III. If two functions have the same derivative in an interval (a, 6), 
they differ by an additive constant. 
Let f(x) and ¢(x) be two functions such that 


f(x) = ¢'(@), 
and let F(x) = f(x) — $(@). 
Then F'(x) = f'(x) — $’(@) = 0; 
whence, by II, F(x) = 
That is, f(x) = d(4) + C. 


This theorem has its important application to the process of 
integration, with which the student is assumed to be familiar. 


For let i f(x)de 


_ represent the function whose derivative is f(x). Then if F(x) is 
any one function satisfying this condition, the most general func- 
tion is F(x) + C, and we write 


fi@ae = F(x) + C. 


The discussion of the definite integral is postponed to Chap- 
ter VI. In the meantime we shall assume elementary knowledge 
when necessary. 

7. Taylor’s series with a remainder. The theorem of the mean 
is the simplest case of a more general theorem which we shall now 
prove. For that purpose let us write 


f(b) = fa) + 6- ore pee pia) 
= 
ae SI 5 (g) ee R. (1) 


This is always possible if " (@) possesses the derivatives which occur 
in (1), since (1) itself defines R. We wish to determine the value 
of R as far as may be possible. 
For that purpose let us define P by the relation 
mal (b 2s. Oe sel 

edi Ean TY P; (2) 

and write down the auxiliary function 5 f 
P(e) = 10) — fee) — @—mf@) — PS pg... 

(b nat Cea, 


@FDr’ Y 


b— x)” 
Ca" f(a) a 
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which is formed from (1) by changing a to z in all the terms 
except P. 

Now F(b) = 0, as is at once apparent from (8), and F(a) = 0 by 
virtue of (1). Hence, by Rolle’s theorem, .F’(¢) = 0, where é lies 
between a and b. 

Differentiate (3) with respect to x. All the terms obtained 
cancel, except the last two, and we have 


, em (b . x)” (n (b —= a)" 
i he. (4) 
Substituting in (4) the value x= for which F’(é) =0, we 
obtain tos a 
= o> (n+1) 
and therefore i 7G 7 + f (€). (5) 


This is the value of R in (1). It measures the difference be- 
tween the value of f(b) and the sum of the first n+ 1 terms in 
the right-hand member of (1). It may therefore be called the 
remainder after n+ 1 terms. 

The formula has great theoretical value. In addition it may 
be used in calculation as follows: 

If we know the values of f(x) and its derivatives for x = a, we 
may compute the value of f(x) for x = b by use of the first n+ 1 
terms of (1). The quantity R as given in (5) will then measure 
the error made in taking the result of this calculation for the 
value of f(b). It is true that the value of FR will not be exactly 
known, since £ is unknown, but it may frequently be possible to 
determine a numerical quantity which R cannot exceed in absolute 


value. 

For example, consider sinz. The values of sin x and cosz are 
assumed to be known for x =a= 7. We wish to find the value 
Biesins for ¢= >= 3 i= Aer * 97 Expressed in degrees we 
need to find sin 61° knowing the sine and cosine of 60°. 

From (1) we have 


GLa occa Ss oe ARTE? paee gy se a(am) 
ip Ee es ee hat a9 
aeigo 7 38h 1s0°° 8 siz) ae SE RINISO) aa 


tee ae 61 7 
where r=7(5) sin &. @ <i a) 
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Since we know that the sine of any angle is less than unity, we 
have ieee 
ta .000000004. 
ETE i) * 
As another example let us attempt to find how many terms of 
(1) must be taken to compute sin 12° to the nearest sixth decimal 
Wage Ye 


ms a =-—-: Th 
place. In (1) we place a = 0, b ISS en 


w ow. 1/a\ 1 fre “(Z) 
ine ee (Ee eee 
nat Sel sil) ta(z) = rilas) 7 o, 
i : (Z)" si E ith 0 and we are 
Bere ts aati iB sin &, wi 


sure that 15 
il T n+l 
el reau ae) 


and we wish to determine n so that 


1 T n+l 
eee (2) < .0000005. 

By trial we find that n+1=7, n=6, and hence the first 
three terms of (6) are to be taken. This value of n is sufficient for 
the purpose, but in this case it is not necessary. From the 
manner in which n was obtained it is clear that a smaller 
value of » may do. 

Since we have used Rolle’s theorem in deriving (1), the hypoth- 
eses underlying that theorem must be met; that is, F(x) in (2) 
should be continuous and possess a derivative in the interval 
(a, b). This means that f(x) and its first n+ 1 derivatives 
should each exist and be continuous in the same interval. Then 
if x is any value in that interval, the same conditions exist in the 
interval (a, x), and we may write in place of (1) 


fla) = fla) +(e af(a) +--+ F—" oneay 
+ E=O"fo®, @ct<s) 
n+ DI 5 1G <a (7) 


Equations (1) and (7) are two forms of Taylor’s series with the 
remainder. 
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In the particular case in which a=0, we have Maclaurin’s 
serves with the remainder ; namely, 


9 
“ 


flat) = $00) + 2f' 0) + Ef") + + HMO) 


ane fr (£) 
(n+ 1)! : 


0 <£ <2) (8) 


oe 


The student has probably met in his elementary course the 
infinite series known as Taylor’s and Maclaurin’s series. He 
should therefore note carefully that we have to do here not with 
infinite series, but with finite polynomials, although the last 
term is not definitely known. The infinite series arise from (7) 
or (8) if m can be taken indefinitely great and if the value of R 
approaches zero as ” increases without limit. The discussion of 
this case, however, leads to questions of convergence and the 
like, and will be postponed. As a matter of fact, the finite series 
(7) and (8) are sufficient for most practical purposes. 

For example, we find from (8) 


; poe eo 
sinz=2— Stata 
3 


ae 7 
=rt%— — — 
6 inn? 


CaN eg ba eee 
cest=1—-T+atel (&) 


oe trks . 
Dim tog 1 8 
a 5 7 
ste hee Se Je 
sin x 61 1207 
Therefore tanz= ae ae pont 
Tees 6 
eet ralaaireyy nia 
cx 2 
gee ome ap ee 


where S is determined in terms of P and @ by the usual process of 
division. This is a much simpler way to expand tan x than by 
direct use of (8). 
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i id ie a = tan’ 2 
Again, consider vets ae . 


We may write 


an at — 2 fe ba ee 
14+ 2? 
Therefore 
x dx 3 ° a 2? ge k+l [iz a 
ee ge 4 et Edd 2s ed 
Meee @ ais: om eee 
Now P= ae by direct division. Therefore 
x 
x p2k+3 
2k+2 2hk+2 ? 
Pil and [ox Pde <x Co es 
We have, therefore, 
af a? ge? p2kh+1 
pat ig Soy 
2k+3 
where IES eS comrmne 


Other forms of the remainder besides that given in (5) are also 
useful. If we apply Rolle’s theorem to the function 


P(e) = (0) —S(@) — 6 af) —-»- — C=" gona) — 9 p, 
which vanishes when x = a and when z = 3, we find that 
pa Si DO= SN" jonny, 9) 
or, writing £=a-+ 6(b—a), where 0 < 6 <1, 
7 Os Oe aS 8)” pm tO), (10) 


n! 
Again, if we start with the identity 
f(a) —fa)= [fe —oae 
and integrate by parts, we have 


fle) — fla) = (@—af@ + an ‘fe — Ode. 
Again integrating by parts, we ae 


fe) — fla) = (@ — ayf'(a) + 2S ™ pra) + {4 SiMe — tat. 
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Proceeding in this way, we have, finally 


raf? = font (@ — t)dt. (11) 
In particular for Fears Ss series, where a = 0, 
R = [poe — t)dt. (12) 
8. The form >. Consider the fraction 
F(x) | 
(x) 


and let there be a number~a for which f(a) =0 and ¢(a) = 
The substitution of x = a in the fraction produces the meaningless 


symbol >: so that the value of the fraction is not defined for x = a. 


It is customary, however, to extend the definition of the fraction 
by defining its value for x = a as the limit approached by its value 
as x approaches a. For example, consider 


i ee 


x—a 
For all values of x except x=a the value of this fraction is 


zt+ta. Asx—a, x+a—2a; therefore we say, by definition, 
2 


a , 
when x= ais 2a. 


eh 
that the value of ve 


To obtain a general method for finding this limit we begin by 
applying Rolle’s theorem to the function 


fe) — f(a) : 
$6) — oa? — o(a)] —[f@) — f@)], 
which obviously vanishes when x = a and when x = b. 
AUD ek LC Ns CS ae b 1 
METER) DOIG) ce e 
In (1) let f(a) = 0, d(a) = 0, and b=. We have 


Hence 


f@) _ f£@ 9 
pmo ee @) 
Now as x — a, £ — a, and therefore 


meas (2) Bigs oad) ¢’ (€) 
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Now unless f’(a) = 0 and ¢’(a) = 0 we have the result 
f(x) _ fia) 
— J 4 
za b(a) $"(@) ©) 
If, however, f’(a)=0 and ¢/(a) =0, we must apply (3) again 
with the result + 
Pe PACD fc pe WES, ve f(a) 
zie ba) fe &®) $a) 
unless f’’(a) = 0 and (a) = 0. In the latter case formula (3) 


must be applied.again. 
We may sum up in a rule known as L’Hospzital’s rule. 


: , 0 
To, find the value of a fraction which takes the form 0 when x = a, 
replace the numerator and the denominator each by its derivative and 


substitute x =a. If the new fraction is also 0’ repeat the process. 


For example, 


e*—2cosrt+te* _, e?+2sinr—e* |e?+2cosr+e” 
= Lim ——- = | oe 


Lim - 
2cosx—xsinx 


20 x sin x 2-0 Sinzt+xcosx 


9. The form =. Consider the fraction 


fe) 
p(x) 


and let f(a) = © and ¢(a)= © by hypothesis. The value of 
the fraction for x =a is then defined as the limit approached by 
the value of the fraction as x increases without limit. 
We shall prove that L’Hospital’s rule holds also for a fraction 
which takes the form =: 
We shall first take the case in which a = ©. 
From (1), § 8, we may write 
ie) = fle) 7) 
——_—_——— = ——, «<< t<e2 ih 
dade ary “= * =) de 
where ¢ is a large but finite value of x. From (1) we derive, by 
impl 
simple algebra, te (0) 
f@) _f® _ o@). is 
o@) #O,_ IO 
F(z) 
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ne 
We shall now assume that aa has a limit A as E> ©, 
We may consequently take ¢ so large that BO) and therefore 
fe oe) 

$5 differs from A by less than any assigned positive quantity 1. 
This fixes c. Then f(c) and ¢(c) are finite, and x may be taken so 

large that m0) 

(2) 

1_ 10 

F(x) 


differs from unity by less than any assigned positive quantity e2. 
We then have, from (2), 


= (A +m)(1+ 2), 
where [9730] a eE1; |n2| < €2. 


From this it is apparent that 


F(x) iad ASR CD) 
Lim — = A = Lim —~ = Lim : 
roe b(@) saan DICE) Maes Cc) ®) 
This justifies L’ Hospital’s rule for the case a = 0. Weneed now 
to extend this result to the case in which se2) becomes > — forx=a 


p(x) 
when a is not infinite. For that purpose place x =a fall so that 
when x=a, y=. Then y 


aS Sa (4) 
20 al ae, 
y 
fie) _,. FW) _,. Fy) 
EGE « Lo ap ’ 
oe LO) ot SO EO) SD 
dx —1 
But PW =f@ 5 = Blo 
and b= 9) = HO. 
| ns eon 


Therefore (5) gives Lim 7) (6) 


= Lim 
a p(t) za $'(2) 
From results (3) and (6) L’Hospital’s rule follows. 
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10. Other indeterminate forms. A product 
F(x) - $(@) (1) 
may give rise for a value of x = a to a form 
0-0, 
and a difference f(x) — (x) (2) 
may give rise when x = a to a form 
oO, 


In such cases it is usually possible by an elementary operation 
to transform the product (1) or the difference (2) to a fraction 


0 = 
which takes the form 0 or = when x = a, and apply L’Hospital’s 
rule. 


=z2 


For example, the product «xe 


when n is positive becomes © - 0 forx=0. 


a 
We have, however, ane ** = —,. 
e 
Then, by L’Hospital’s rule, 
Lim ey Lim aie Se UAC eee 
wz 0 er” x 0, Zz e Eee ec) 4 Cale 


Proceeding in this way it appears that eventually x will dis- 
appear from the numerator of the fraction, no matter what n is, 
and therefore Lim x"e-2? = 0 


r7 oe 


Again, the difference sec x — tan x becomes © — 0 when x = 


rola 


1—sinz 
But sec x — tan x = ————__» 
cos x 


which becomes ; when x = . Therefore 


: . 1l—sinzg 
Lim (see x — tan x) = Lim ————- = 
te s COSL 
aD 


t>— 


2 


An expression of the type 


RIC) eat 


may, when «x = a, give rise to forms 


oO ° 2) fo] 
0°, Cove smn Lar, 
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and the like. Such an expression may be reduced to a type — wu or = ae 
by the use of logarithms. Thus, we write 0 


w= Lf@y. 
Then log u = (x) - log f(x). 
If Lim (2) - log f(x) can be found by the previous methods, the 
foie mocrosehed by uw can be found. | 
Consider as an example (il — 28 


when x= 0. A plausible procedure would be to place x = 0 and, 

obtaining 1°, to say that this is 1 since any power of lis 1. But 

this would ignore the fact that we are interested in the limit of 
1 


(1 — x)* as x approaches 0, which we have defined as the value of 
the fraction when x = 0. We therefore write 


1 
u= (1 — 2)’, 


se af _ log A —2) 
log u = = log (1 = z 

By L’Hospital’s rule, 

Ta log A — 2) ete 

z-0 x 
Therefore Lim log u = —1, 

xz-0 
and Lim u =e. 
z->0 


11. Infinitesimals. An infinitesimal is defined as a variable which 
approaches zero as a limit. When two or more infinitesimals ap- 
proach zero at the same time, they may be compared by consider- 
ing their ratios. 

We say an infinitesimal 8 is of the same order as an infinitesimal 
a if B 
Lim aia k, (1) 


where k is a finite quantity different from zero. hes 
An infinitesimal B is of higher order than an infinitesimal a if 


Lim B ails (2) 
a 
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As an example, consider an infinitesimal angle a (represented in 
Fig. 15) and describe an arc of a circle PQ of radius unity. Let _ 
B= PNe=sin co, iy 
y= NQ=1-cosa. 
By a well-known theorem which is 


used in deriving the formula for the 
derivative of sin 2, 


Timea o N 
a Hig. 15 
Therefore PN is of the same order as a. 
: . l—cosa 
Also Lim 7= Lim ————— = 0. 


Hence y¥ is of higher order than a. 

A measure of an order of an infinitesimal may be given as fol- 
lows. If @ is taken as an infinitesimal of the first order, then 
a’, a®, a*,--- are called infinitesimals of the second, third, and 
fourth orders, respectively, and § is an infinitesimal of nth order 


with respect to a, where n is positive, if 


Lim le =k. (3) 
a>0 
where k is a finite quantity not zero. 
For example, consider y = NQ of Fig. 15. We have 


Therefore NQ is of the second order with respect to a. 
Equations (1) and (8) lead to the forms 


B=ka+ae, (4) 

B= ka" +a", (5) 

respectively, where e is another infinitesimal. In each case the 

first term on the right of the equation is called the principal part 

of the infinitesimal. An infinitesimal and its principal part are 

obviously of the same order and differ by an infinitesimal of higher 
order than either of them. 

If we denote by (; the principal part of 8, formulas (4) and (5) 


become € 
B=61+ Bry = Bi+ Pie. (6) 


INFINITESIMALS TAR 


There are two convenient ways to determine the order of an 
infinitesimal 6 with respect to a: One is to evaluate 


by L’Hospital’s rule, so choosing n that the limit is finite and not 
zero. A more expeditious way, when 6 can be placed equal to a 
function of a, is to expand 6 = f(a) by Maclaurin’s series; then, if 


B= ka” + kat! + R= ka" + ka*t!+ qt2p, 


we have 2 =k+ha+a?P 
and inn ape 
«+0 a” 


which shows that the degree of the first term in the expansion 
of 6 determines the order of 8. 

We shall illustrate these methods 
by inquiring by what order of infini- 
tesimals an infinitesimal are of a 
circle exceeds its chord. In a circle 
of radius a and center O (Fig. 16) 
let AB be an infinitesimal are and 
AB its infinitesimal chord. Draw 
the radii OA and OB, and draw ODC 
perpendicular to AB. Let the angle 
BOG = 0. 


Then AB = 2.8, Fic. 16 
AB =2asin 8, 
and AB — AB= 2.00 —2asin 0. 
Take AB as the a of our general discussion, and let 
B = AB— AB. 
, 2a0—2asin 0 
We have Lim B = Lim ee aml hy = 
«50 6-0 Z aé 


Hence £ is of higher order than a. 


P., B . aa 
Similarly, Lim one 0, ss eo OLE 


and therefore 6 is of the third order with respect to a. 
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The second method is to place 
6B =2a0—2asin 0 


=2a0— 2a(0-S +R) 
3 
7" 4 R 


oe 


~ O44 


We have accordingly shown in two ways that the difference 
between an infinitesimal arc of a circle and its chord is an infini- 
tesimal of the third order. 

12. Fundamental theorems on infinitesimals. There are two im- 
portant theorems involving infinitesimals; namely, 


ir cane 


I. If the quotient of two infinitesimals has a limit, that limit is 
unaltered by replacing either infinitesimal by its principal part. 


To prove this let us place 
B=—itfPia, a=a1+ ae, 
in accordance with (6), §11. Then 


B_fithie _ Piltra, 
a ataeée alt+ 2 
whence Lim B = Lim Br (1) 
(e4 (eal 
II. If the sum of n positive infinitesimals has a limit as n increases 
indefinitely and each infinitesimal approaches zero, that limit is 


unaltered by replacing each infinitesimal by its principal part. 


Let 61, B2,---, Bn be a set of n positive infinitesimals, and let 
Q1, Q2,-++, , be their principal parts, also positive. Then 
Bi = ai + ae, 
and > 8: = >,0% =. > ves. (2) 
Let y be a positive quantity which is equal to the largest 
absolute value of e;. Then, for any 7, 
ay. = ej, = 7; 
and — ya; = 4a; = YO:, 
the multiplication being allowable since a; is positive. 


Then ¥> 4 = > sexs = YD ee (8) 
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By hypothesis, as ” increases indefinitely, Ya; approaches a finite 
limit and y approaches zero. Therefore, from (3), 

Lim dS a€: = 0, 
and therefore, from (2), Lim > 8; = Lim da: 

The proof uses the assumption that all the infinitesimals are 
positive. The theorem is also true if all the infinitesimals are 
negative, since the sum of such infinitesimals is minus the sum 
of a set of positive infinitesimals. The theorem is not necessarily 


true if the infinitesimals are not all of the same sign. A single 
example will show this. 


1 pL eae ie gt 1 
se eae aq te gh 


1 1 1 
and Bi = a1 + Te a, B2 = a2 — “7 aa, Bs = a3 + as, 
ey -++; whence hearts pti fala 

Vn ; n n 
1 1 
Bs=as+—» Bea, +o) and so on. 


Now, by direct summation, 


> =0 or ae 
Va 
according as 7 is even or odd, and in each case 
eee 
Also > 6: = > + ily 
and therefore Lim >)6:=1._ 


13. Some geometric theorems involving infinitesimals. We shall 
give in this section certain geometric theorems which are of 
some importance in our subsequent work. 

I. Under certain general hypotheses the length of an infinitesimal 
arc differs from that of its chord by an infinitesimal of higher order 
than either. 

Consider an are of a curve AB (Fig. 17) and its chord AB. We 
shall assume that the are is a continuous curve and has a con- 
tinuously changing direction. 

c 


24 PRELIMINARY 


This amounts to saying that if axes of x and y are chosen by 
which the equation of the curve becomes y = f(x), f(x) 1s a con-. 
tinuous function of x with a continuous derivative. 

We shall also assume that a perpendicular from any point P 
of the arc AB meets the chord AB in one and only one point Q, 
and that as P moves continuously from A to B along the are, 
Q moves continuously and always 
in one direction along the chord. 

The length of ‘the arc AB is 
defined as follows: 

The are is divided in any 
manner into n parts, and chords 
are drawn connecting the points 
of division. If the sum of the 
lengths of these chords approaches 
a limit, independently of the man- 
ner of division, as ” is indefinitely increased while the length of 

each_chord approaches zero, that limit is by definition the length 
of AB. We shall assume that the are AB has a length. 

Divide the are AB into n parts by the points P, Po, ---, Pr-1, 
draw the chords P;Pi+1(Po = A, Pn = B), and drop perpendicu- 
lars from the points P; to the chord AB, thus determining the 
points Qi, Q2,---, Qn—-1. Let the lengths of the chords AP, 
P\P2,--+, Pn-1B be ai, a2, ---, @, and the lengths of the seg- 
ments AQi, Q1Q2, oe) (Aye 1B be 61, Bo, + re ae Bans 

Then, if J is the length of the chord AB and s the length of the 
are AB, which by hypothesis exists, 


B+ B2+:--+8,=1, (1) 
Lim (a; + a2+---+a,)=s. (2) 


n> © 


Ives, 17 


Now 8; is the projection of a; on AB. Hence, by the law of 
projections, B; = a; cos 0; 
where @,; is the angle between the chord of length a; and the 
chord AB. Hence (2) is 

Lim (8; sec 6; + Be sec 62 +---+ 6, sec 6,) =s. (3) 

Under our hypotheses sec 6; is always positive, although 6; may 
be negative. Our hypotheses allow us to apply the theorem of the 
mean to any portion of the curve between A and B. Therefore 
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there is some tangent which makes an angle 0; with AB. Hence, 
if @ is the largest angle in absolute value which any tangent 
makes with AB, we have 

1 = sec 0; = sec ¢. 
Therefore 


Bi + B2+---+ Bn = Bi sec 0, + Bo sec.62+---+ B, sec 0, 
= sec $(61+ B2+---+6,), 


or, from (1) and from (8), 


IA IIA 


l=s=lsec 9, (4) 
or (eS : = sec @, (5) 


where the equality signs could hold only if AB coincided with AB. 
This result is true for any finite are for which the hypotheses 
that have been made hold. It remains true as B approaches A. 
But then sec ¢ approaches unity. Hence we have 
lim-— 1, (6) 
iso b 
or s=I+le, 
which was to be proved. 


II. Under the hypothesis made in I the perpendicular distance 
from one end of an infinitesimal arc to the tangent at the other 
end is an infinitesimal of higher order than 
the arc, and the length of the tangent 
from the foot of this perpendicular to the B 
point of tangency is an infinitesimal of the 
same order. 

Consider again the arc AB (Fig. 18) 
with the properties as before. Draw the 
tangent AT at A, and drop the perpendic- pp 
ular Br yLet AT=i and BT =h and yi 
angle BAT =a. Fic. 18 


Then t=lcosa, 


ze 


and a = y COS @, 
Sats 
Let s > 0 and apply (6). We have 
h 
eee Lim = 0. (7) 


s70 § s90 § 
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The relation between ¢ and h may also be found by means of 
cooérdinate axes and Maclaurin’s series. . 
Take as origin a point on the curve (Fig. 19) and as OX the 


tangent at O. Let Y 
y = f(x) 
be the equation of the curve. Then 
f(0) =0 and f’(0) = 0, since the curve P 


passes through O and the slope of the 
tangent at O is zero. Then, by Mac- 


laurin’s series, x 
2 x M 


xr e O 
y = f(x) HOF, ark a, att Fic. 19 


But OM =x and MP=y. Hence it appears that MP is of the 
second order with respect to OM unless f’’(0) = 0. 


III. Except for infinitesimals of higher order than the lengths of 
the arcs, an infinitesimal right-angled curvilinear triangle obeys the 
same trigonometric laws as a strarght-lined right-angled triangle when 
the hypotheses of I are satisfied. 


Consider a triangle ABC (Fig. 20) whose sides are ares of curves 
which satisfy the hypotheses of I and which may be made to 
approach zero together. Let the 
arcs intersect at a right angle at C 
and let the angle at A be ¢. Draw 
the chords AB, BC, and CA. The 
angle between the chords AB and 
AC is 6+ & and that between BC 
and CA is 90° + és, where €; and es 
are infinitesimals approaching zero 
as the sides of the curvilinear tri- 
angle approach zero. Then 


BC _ sin (¢+ 4) 
AB sin (90° + €2)’ 
which we may write as Fic. 20 


where BC means the are BC, and so on. 
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Taking the limit as A, B, and C approach coincidence, and 
using theorem I, we have _~ 


Lim 5 = sin ¢, 
AB : 


or BC = AB sin 6 + €3AB. 
In a similar manner, 

AC = AB cos o + AB, 

BC = AB tan o + AB, 


os 


AB? = AC? + BC? + e5AB. 

As an example of the use of the foregoing theorem consider 
an ellipse with foci F and F’ 
(Fig. 21). 

Let P and Q be two points in- 
finitesimally near on the ellipse, 
and draw PF, PF’, QF, and 
QF’. By the definition of the 
ellipse, 

PF+ PF’=QF+QF’. 

With F as a center and a 
radius FQ construct an are of a 
circle cutting FP in S. With 
F’ as a center and a radius F’Q construct an arc of a circle 
cutting F’P in R. 

Then SP — RP=QF — PF — (PF’ — QF’) = 0. 

Then in the infinitesimal triangles SQP and RQP 


SP = QP cos SPQ, 
RP=QP cos RPQ,; 
except for infinitesimals of higher order. Therefore 
cos SPQ = cos RPQ 
except possibly for infinitesimals of higher order. 
But the angles SPQ and RPQ are independent of the position 
of Q. 
Hence SPQ = RPQ; 
and, since SPQ = FPA, 


we have the result that in an ellipse the tangent at any point 
makes equal angles with the focal radii to that point. 


Fic. 21 
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14. The first differential. Consider now a function f(x) which has 
a derivative f’(x). If Ax is an infinitesimal increment of z, then - 
the increment Ay = f(x + Ax) — f(x) is an infinitesimal, since f(x) 


is continuous. Now _ Ay 
Lim —— = f(z) ; 
Az 0 Ax 
whence Ay = f' (a) Az + € Az. (1) 


Aside from the values of x for which f’(x) is zero, or infinite, 
this is of the form (4), § 11, and f’(x)Az is the principal part of 
Ay. This we shall call the differential of y and denote it by dy. 

The case of the independent variable x, however, is different. 
For in that case f(x) =x; therefore y=, and formula (1) is 


simply Ax = dz. (2) 


There is no possibility, therefore, of separating Ax into two 
parts; in other words, the principal part of Az is the whole of Az, 
and we may take this as dz. 

Summing up, we say: 

The differential of an independent variable x 1s equal to the incre- 
ment of the variable; that is, 

Cee (ANS (3) 

The differential of a function y = f(x) ts the principal part of the 
increment of y and is given by the formula 


dy = f'(x)dz. (4) 


Suppose, now, we have y= f(x) and x= $(t); then y= F(t). 
Now, by the definition above, we have 


dicewr\t, 
p= (ate 
dy = F’(t)dt. 
Substituting for F’(t) the value derived given in (1), § 4, we 
eke dy = f(x)" (at; 
whence dy = f'(x)dx. (5) 


Note that this is the same form as (4); but in (4) dz is the 
entire increment of «x, whereas in (5) dx is the principal part of 
that increment. The result is, 

The differential of a function y ts given by the formula dy = f’ (x)dx, 
whether x is the independent variable or not. 
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We are now ready to write the derivative as a quotient ; namely, 


dy 
f(x) = a 
In differential form (1), § 4, becomes 
dy dydx 
dt dx dt 


(6) 


(7) 


15. Higher differentials. If wu = f(x) and v= ¢(z) are two func- 
tions of x which possess derivatives, we have, by well-known 


formulas for differentiation, 
d 
get) =S@)+9'@), 
d 
ACD) = f(x) d(x) + f(x) o'(x), 


=(*) _f'(@)o@) —f@)¢'@) , 
dx\v [d(x)) ; 
whence, by the definition of the differential, 
d(u+v)=du+ dr, 
d(uv) =vdu+ud, 
(“) v du — u dv 
=) 
y2 
Let us apply formula (2) to 
Of = (a7, 


We have d(df) = d[f’ (x)|dx + f’(x)d(dx). 


Now we have, by the definition of § 14, 
d[f’(x)] =f’ (x)dzx. 


(1) 
(2) 


(3) 


(4) 


It is natural to express d(dy) by d’y and it is customary to 
express (dx)? by dx”. This must not be confused with d(x’), 


which, by § 14, is equal to 2 x dz. 
We have, then, df= /f’’(x)dx? + f’(x)d?x. 
This is called the second differential of f. 


(5) 


Formula (5) contains a factor d?x which has not been defined. 


However, if x is a function of another variable t, so that 


x= F(t), 


we have, by another application of (5), the result 


da = F’'(t)dt? + F’(t)d?t, 
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but here dt is still to be defined. It is evident then that (5) is 
not sufficient to define the second differential of the independent - 
variable. We are accordingly free to frame that definition as we 
will, and we say 

The second differential of the independent variable 1s by definition 
zero. 

With this and (5) it follows that when z is an independent 
variable, d?f = f(a) dx? . (6) 
but when x is not an independent variable, 

d?f = f(x) dx? + f' (x) d7a. 

The fact that the second differential has different forms-accord- 
ing as x is independent or not is in striking contrast to the fact 
that the form of the first differential is always the same. Second 
differentials must therefore be used with more care than the first. 
We notice that when x is the independent variable we have, 
from (6), Pf 

f'@) =—33 (7) 
whereas when x is not independent we have, from (5), 
x a?f—fi(x)d’x d?f dx — df d7x 
which agrees with (7) only when d?z = 0. 
d 
oB Lee is used to represent the second 
derivative f’’(x) even when x is not the independent variable. 
2 


In spite of this the symbol 


. ; . and 
This may be explained by interpreting os as a symbol for 


al 
24) te), 


a() 
dx} _atf(x)\_ fede __,, 
Then ee ae It) (9) 


af. ; 
It follows that — is used in two senses: first as a symbol for 


the second derivative and secondly as the quotient of d?f as 
given in (5) by dz”. These two senses agree only when x is the 
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independent variable. The context usually makes clear which 
2y 


sense is meant. Asa matter of fact, the use of - as a derivative 
is more common than the other use. a2 
If in (8) we place y = f(x), and interpret — dx ae 3 as a symbol for 


the second derivative f’’(x) and not as the quotient of differen- 
tials, we have dy thy Sipe 


d?y dt? dt dt di? 


dt 


This formula may also be obtained by direct differentiations, 


(10) 


thus : dy 
dy dt 
dx dx 
dt 

dy d’ydx dx dy 

d (dy One dt dt? dt dt? dt 
4-1) 2. 


dt é dx ae 
dt ) & 

as before. 

This result may also be obtained by dividing the numerator 
and the denominator of the fraction in (8) by (dt)?. 

The third, fourth, and higher differentials are d(d?x) = 
d(d°x) = d‘z, ete. 

Since, if x is the independent variable, d?x = 0, it follows at 
once that d"x = 0. That is, 


The nth differential of the independent variable is zero if n is 
greater than 1. 


The higher differentials of a function of x are found by oper- 
ating with the laws (1), (2), and (8). Thus we have 


d?f = f'"(x)dx? + f'(x)d?x. (11) 
Then d?f = f’"(x)dx? + 8 f’""(x)dax dx + f'(x)d*x. (12) 
It is to be noticed that (12) gives ; 
d 
ji") = (18) 
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only when x is the independent variable. Otherwise, if ¢ is the 
independent variable we have, from a 


df tit dt 2 14 
ff jma(“) pap @Erro ge ay 
As in the case of the second derivative, the expression 
af 
dx? 


is used for the third derivative even when z is not the independent 
expression. In this case 


amar lacae) | 
dx® dz|dx\dzx 
3 


and “4 is not the quotient of d?f by dzx*. 
x 


From (12) we have 
or OF —8f e)dad'a — f(a) d'x 
i (x) = dx? 
By means of (8) of this section and (6), §14, this reduces 
readily to the form 


dix (d®f de — df d?x) — 3 (d?f dx — df d2x]d?x 
LO) aa 


If t is the independent variable, we may divide all the terms of 
the numerator of (15) by dé® and obtain a result in derivatives 
which may otherwise be obtained by direct differentiation. 

Similar results are readily obtained for the fourth and higher 
differentials. 

16. Change of variable. The methods and formulas just obtained 
may be used to solve certain problems connected with the change 
of the variables in a given expression. 


d 
1. Let there be given an expression involving y, — ae ae” 


where the last symbol means a second derivative, and let it be 
required to replace y by z where y = f(z). We have at first, by § 4, 


dy _,,,. dz 
at hOb (1) 
and then, by direct differentiation, 


ota ra(Z) 4 r@ (2) 


(15) 
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2. Let it be required in an expression involving y, dy and — oy 
_ to replace x by t, where x = ¢(t). dex dec? 


dy 
dy at 1 dy 
We have ==> = —— 
i dx dz '( dt, (8) 
dt 
and, again by direct differentiation or a (10), . 15, 
dy de dy dx : 
dy ded dt de OF ro O— GeO 
a: (=) -=—a 
dt 


3. Let it be required to interchange x and y in an expression 


f : d d? aes 
involving x, a and ae - This is a special case of (4) in which 
dy d”y 
t= y, and therefore aie ik de 0. We have 
dy 1 
dy 
as 
d*y dy? , 
ey ‘ 
dy 
EXERCISES 


1. Prove that if f(x) and ¢(x) are continuous at x = a, then f(x) + (2), 
f(x) 
( 


f(x) - (x) are continuous at x=<a, and that is also continuous 
at x =a unless ¢(a) = 0. 
2. If y=f(zx) is continuous when x =a, and x= ¢() is continuous 
when t = b, where a = ¢(b), show that y = f[¢(t)] is continuous when 
t= 5. 
3. Show that the theorem of the mean as given in § 6 may be trans- 
lated into the theorem of the mean for definite integrals; namely, 


f'F@)ax = (b= aF(e). (<<) 
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4, Expand e” into Maclaurin’s series and show that 


yo et NE ee 
“~(+1)! j 
[ee tty _ 
ee Et re 
and that |R|< in +1)! i 


5. What error is made by computing es by five terms of Maclaurin’s 
pa 
series? How many terms must be taken to obtain e® correct to seven 
decimal places? 


6. Show that in the expansion of log (1 + 2) 


gt +1 
1 when zx > 0, 


|R|< 
n 


Serre) Es 
(n+1)(1+2)"*1 

7. From the result of Ex. 6 estimate the error made in computing 
log 1.2 from three terms of the series. How many terms of the series 
are sufficient to compute log 1.2 accurately to six decimal places? 


8. From the result of Ex. 6 how many terms of the expansion of 
log (1 + x) are sufficient to compute log .9 to five decimal places? 


and that |R\|< when x < 0. 


9. Show that in the expansion of log : am 
Qa 
|R\|< RECN Aihaeee 0, 
n+2 
and that |R|< lad 


(n + 2)(1 + x)"+? 
when x < 0, where 7 is the exponent of x in the last term retained in 
the expansion. 

10. From the result of Ex. 9 how many terms of the expansion of 


1+z2 f 5) : 
log i xe are required to compute log 5 to four decimal places? 


11. Show that in the expansion of (1 + x)* 


_ ee 3 ais n+1 
|R|< k(k—1)---(kK—n)x""t when x > 0, 
(n+ 1)! 


k(k—1)---(k—n) 


and that R |< 
| | (wn+1)!( + 2)?-* 


lin—k-+1.>0. 


12. From the result of Ex. 11 find how many terms of the binomial 
series are sufficient to compute V102 to four decimal places. 


18. By integration find an expansion for sin~' x. 


|.2"**| when 2; <0, 
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14. By division find an expansion for 


: ° x 2 
15. Find an expansion for dh eeu. 

. . % 9 
16. Find an expansion for ik cos x*dx. 


Find the limit approached by each of the following functions as the 
variable approaches the given value: 


i, Se og, eee 
re sec 52 % 
1-1 
Gee oh ar 
' T 
lo (x-) 
19. log DORIA 1 g ; ? 
rea 'a)* Oe re 
t tan x 2 
anx—x 1 
20. ————_; rx —> 0. og & se 
x —sin x 25.2 a7 © (nt poaitive). 
i Pe, K . . 
i he = +10! 26. 1 > w (n positive). 
x — tan x er 


27. Find the limit approached by 
Ax" + ayx"-14+.---+a, 
box™ + bi2"-12+--- +B, 


as x —> ©, where n and m are positive integers, under each of the three 
hypotheses n < m,n=m,n > ™m. 


28. Show that for all positive and negative values of n 
fate ea, 0! 


F a0) 


29. Show that for all positive values of n and m 


Lim 202 2)” _ 9. 


7m 
xm 0 wv 


30. Show that for all possible values of m and m 
Lim ¢” (log'2)” =:0. 
x-0 


1 b 
ad |, 34. Evaluate Lim (1 + az)’. 
z>0 


31. Evaluate Lim| : 
c—7 sine 


tor 
32. Evaluate Lim 2’. 35. Evaluate Lim (sin x)". 
z-0 1 ys 5 
enue La 36. In Fig. 16 find the order of CD. 
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37. Let T be the intersection of the tangents to the circle (Fig. 16) 
at A and B. Find the order of TC — CD. 
38. Two sides AB and AC of a triangle differ by an infinitesimal a, 
and the angle @ at A is an infinitesimal of the same order as a. What 
order of infinitesimals is neglected if the area of the triangle is taken as 

1 AB?6? as$AB- AC: 0? 

39. If y = f(x) is a curve in Cartesian codrdinates, show that the area 
bounded by the curve, the axis of x, and two ordinates separated by an 
infinitesimal distance Az differs from y Az by an infinitesimal of higher 
order. 

40. If r=f(0) is a curve in polar codrdinates, show that the area 
bounded by the curve and two radii making an infinitesimal angle A@ 
with each other differs from 4 r?A@ by an infinitesimal of higher order. 


41. What order of infinitesimals is neglected in taking as 4 mr*h the 
volume of a spherical shell of finite inner radius r and infinitesimal 
thickness h? 

42. A parallelogram has an angle which differs from 90° by an infini- 
tesimal of first order. What order of infinitesimals is neglected by taking 
the area of the parallelogram as the product of two adjacent sides? 


43. Show that in a hyperbola the tangent makes equal angles with the 
focal radii drawn to the point of contact. 


44. Show that in a parabola the tangent makes equal angles with the 
focal radius to the point of contact and the line through the point of 
contact parallel to the axis. 


45. A circle of radius a rolls on a straight line. A point P on its rim 
describes a cycloid. If P moves to P’ by an infinitesimal rotation dd, 
show by the method of infinitesimals that PP’ =a sin 4 ¢ dd. Note 
that the linear displacement of the circle is a dd, and that the motion 
of P takes place in a direction normal to the line from P to the point of 
contact of the circle with the straight line. 


46. Find d’y when y= sin x? under the two assumptions (1) that x 
is the independent variable; (2) that x =e‘. In the latter case first use 
formula (5), § 15, and check by substituting for x in the given value of y. 


d*y 
47. In Ex. 46 find —— as a quotient of differentials and also by direct 
differentiation. dt? 


48. Given y = e*, find d*y (1) when z is the independent variable; 
(2) when x = log z and z is the independent variable. Verify by substi- 
tution and direct differentiation. 

49. In the equation 2 A 
(1 —y44 ( ays a —y)*=0 


2 
place y = sin z. de : 
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3 d? d 
50. In the equation x? om +2 a + (x? — n?)y = 0 place y = x2. 


51. In the result of Ex. 50 place x = 2 V1. 
52. In the equation 
(eas) 
place x = cos 0. 


53. Show that if the equation of a curve y = f(x) is transformed to 
polar codrdinates by the substitutions x=r cos 6, y=rsin 0, the 


2, 


d 
ta 22h nn t Ny =0 


. becomes 
r°d0? + 2 d@ dr? — r d?r dO 
(cos 6dr —rsin 6 d6)3 
where @ is the independent variable. 
54. Show that the formula for the radius of curvature of a plane curve 
y = f(z), namely, E fi (yy 
dx 
= Py ; 
dx? 
[dx? + dy?}# 
~ dx dy — dy dx 
for the curve x = f(t), y = fo(t) where ¢ is the independent variable. 
55. Show that the formula for p given in Ex. 54 for the curve y = f(x) 


becomes eae 
[e+ @)] 
dé 


© P4212) or 
b AY 
in polar codrdinates. dé dé 


56. Show that the formula for p in Ex. 54 becomes 


+@y 


alae 
-: 


Par. a 
derivative 


becomes 


if the curve is taken as x = G(y). 
57. If x =r cos 0, y=r sin 0, show that 


dy 
ras, 28. 

dy dr 
se ioe 


Note that this is the expression for the tangent of the angle ech a 
curve makes with a line from the origin. 


CHAPTER II 
POWER SERIES 


17. Definitions. The expression 
do + ax + aor? + age? +--+ ane" +--- (1) 
is a power series. If the number of terms is finite, the power 
series reduces to a polynomial ; if the number of terms is unlim- 
ited, the power series is an infinite series. It is with infinite series 
that we are concerned in this chapter. 

The series (1) is said to converge for a given value x = 2; if the 
sum of the first » terms approaches a limit as m is indefinitely 
increased. The limit is called the value of the series or, somewhat 
inaccurately, the sum of the series for x = 7}. 

A simple and important example of a power series is that of 
the geometric series 


io + aon + ax? + apx® + +--+ apx® +-«-. (2) 

The sum of the first ~ terms of the series is, by elementary 
algebra, (PRS Pe re 

eRe spun (3) 


1l—x l1-—-x« 1-2 
Now if x is numerically less than unity, the last fraction in 
(3) approaches zero as n increases indefinitely, and the sum of 
the first n terms approaches the limit 
ao . 
1-2 


Hence the geometric series (1) converges for any value of x in 
the interval —1 < 2x <1. 1 
The series (1) defines, then, the function 7 


; for values of x 


in the interval (— 1, 1), but does not define the function outside 
of that interval. 


A series which is not convergent is called divergent. As an 
example consider the ume series 


statgt o4. 
38 
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Now e+it> 
stetets > d 
and in this way the sum of the first » terms may be seen to be 
greater than any multiple of 3 for sufficiently large n. Hence the 
sum of the first m terms does not approach a limit, and the series 


diverges. , 
Return now to the general series (1) and set x = 1, obtaining 


Qo + aye, + Agr? + aga? + +--+ anm"+--+ (4) 


Let us replace each quantity by its absolute value, obtaining the 
new series 


|@o|+| a1 || a1|+| a2|] a7 |+] a3 |]ai3|+ --- 
+|@n||21"|+---. (5) 


We shall prove that if (5) converges, then (4) also converges. 
Let s, be the sum of the first n terms of (4), and let s,’ be the 
sum of the first n terms of (5). Now s, contains a certain num- 
ber of positive terms whose sum we call p, and a certain number 
of negative terms whose sum we call q,, so that 


Sn = Pn — Qn> (6) 


The positive terms of (4) appear in (5) unchanged, whereas 
the negative terms of (4) appear in (5) with signs changed. Hence 


Sn! = Dn + In: (7) 


Now as 7 increases, S,’, Yn, and q, each increases, since each 
is positive. Suppose s,’ approaches a limit A. Then p,, always 
increasing but always less than A, must approach a limit B,* and, 
similarly, g, must approach a limit C. 

Hence, from (6), s, approaches a limit B—C. We have ac- 
cordingly proved the proposition that if (5) converges (4) also 
converges. 

It is to be noticed that we cannot prove conversely that if 
(4) converges (5) does; for s, in (6) may approach a limit even 
if p, and q, separately do not. 

Summing up, we say that a series which converges when each 
term is replaced by its absolute value converges as it stands. It is 
said to converge absolutely. The determination of the absolute 
convergence of a series reduces, then, to the determination of the 


* We will assume as evident that a quantity which always increases either becomes 
infinite or approaches a finite limit. 
Cc 
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convergence of a series of positive quantities, and for that we 
shall find two tests useful: the comparison test ($18) and the > 
ratio test (§ 19). 

18. Comparison test for convergence. If no term of a series of 
positive numbers is greater than the corresponding term of a known 
convergent series, the first series converges. If no term of a given 
sertes is less than the corresponding term of a known divergent serves 
of positive numbers, the first serves diverges. 


Let Cr+c2+e3+---+e,+--- (1) 
be a series of positive numbers, and let 
DA et Eg oe aes a ed he (2) 
be a known convergent series such that 
Ca (3) 


for all values of n. 

Let s, be the sum of the first n terms of (1), S, the sum of the 
first n terms of (2), and M the limit of S,. 

Then, from (8), all terms M,, are positive and therefore S, < M, 
and also from (8) s, = Sz, so that we have 


Sa—eeVie (4) 


As n increases, s, increases and, by (4), approaches a limit * 
which is either less than or equal to M. 

The first part of the theorem is now proved; the second part 
is too obvious to need formal proof. 

In applying this test it is not necessary to begin with the first 
term of either series, but comparison may begin with any con- 
venient term. The terms in either series before that with which 
comparison begins form a polynomial the value of which is finite, 
and the remaining terms form the infinite series considered. 

For example, consider the series 


ih 1 ul if 
See Ty ners eryanere ei rerys a wf DD 


If p = 1, no term of the series is less than the corresponding 
term of the harmonic series 


glee aes il 
1 tose o amen ala att 
and therefore in this case (5) diverges. 


* See footnote on page 39. 
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If p > 1, we sae NS ~ with the ieee 
1+ s+55 +5 >t 4p sta sta > + gp ae (6) 


where there are four terms equal to au eight terms equal to = 


and in general 2" terms equal to Now no term of (5) is 


ple 

Cy 

greater than the ai as term of (6), and (6) is the same as 
92 93 Qk 

acy cee aa | 


This is a geometric series with ratio equal to 


2 Pes 

Dp (5) <p s 
Hence the series (5) converges when p > 1 and diverges when 
= 1. 


19. The ratio test for convergence. Jf in a series of positive num- 
bers the ratio of the (n + 1)st term to the nth term approaches a limit L 
as n increases without limit, then, if L < 1, the series converges; uf 
L > 1, the series diverges; of L=1, the series may either converge 
or diverge. 


Let Citecetest--+tentensit::: (1) 


: ee : +1 
be a series of positive numbers, and let Lim — = L. 


We have three cases to consider : wae on 
CasE I. L <1. Taker, anumber such that L <r <1. Then, 


since the ratio am approaches L as a limit, this ratio must 


n 


become and remain less than r for n greater than some number, 


say m. Then 
Cm+1 < 1Cmy 


2 
(Pensa) iene << eG 

3 
Cn +3 < m+2 <T Cm; 


and so on. 
Now compare (1), beginning with the term c,,, namely 


Cm + Cm+i + Cm+2 + Cm4+3 + ier a) (2) 
with the new series 
Cm + 1m + 17m + 13m + +++ (3) 
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Each term of (2) is less than the corresponding term of (3), and 
(3) is a convergent series, since it is a geometric series with its 
ratio less than unity. Hence (2) converges by the comparison 
test and therefore (1) converges. 


rhc Ar 
CASE II. L > 1. Since the ratio oi approaches L as a limit, 


this ratio eventually becomes and remains greater than unity for 
m sufficiently large, say n > m. 

Then Cos. > Gn Cpe > Cadi > Ca, ele. Bach termror (2)ria 
then greater than the corresponding term of the divergent series 
Cm tlm 1 Cm Fe * ue 

and therefore (1) diverges. 
CASE III. L=1. Neither argument given above is valid, and 
experience shows that the series‘may either converge or diverge. 
As a first eae consider 


af 
Itst+atate tpt et. ow 


The ratio of the (n+ 1)st term to the nth term is 


tet = which 
n 


approaches the limit } as m increases without limit. Hence (4) 
converges. 
Again, ee 
(n a6 p= 
1 —— at a) 
Hea 8 a eet . (5) 
The ratio of the (n+ 1)st term to the nth term is 
Corie ( *)' 
ae ikea 
which approaches the limit e as m increases. Hence (5) diverges. 


As a last example consider 
ibe yal 1 
1 aes — A <6 
top tant: ‘ieee n itnaalye . (6) 


The ratio of the (n+ 1)st to the nth term is ( 


Raa \e : 
mare ;) » which 
approaches 1 as is increased. Hence the ratio test fails, but it 


has been shown in § 18 that (6) converges if p > 1 and diverges 
if p = =e, 

20. Region of convergence. We now proceed to determine the 
values of x for which a power series converges. We begin with 
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the theorem that if a power series converges for 2 = 2, it con- 
verges absolutely for any value x = x2 such that 

| x2| < | 24 |. 
We assume that the series 


Gg + yey + Get” ++ +++ Ont" +--- (1) 
converges in any way and wish to prove that 
do + 1X2 + dete? +---+anre"+--- (2) 


converges absolutely if |x2|<|a1]. 
Since (1) converges, all its terms are finite. Hence there is a 
positive number M such that for all values of n 


|anti"|< M. (3) 


ss (4) 


x 
Then [anve”|=|dn21"||— 
ac Hil 


Form the series 
|do|+] aire|+---+]anx2|"+---. (5) 


By (4) each term of (5) is less than the corresponding term of 
the convergent ere series 
|? 


M+ ™M|— =| ao SEO ee 
1 


“|+ mu 


Hence (5) converges and therefore (2) converges absolutely. 

If we place x = 0 in the series (1) we get ao as the sum of the 
first n terms, and the limit of that sum as n increases indefinitely 
is still ao. The series therefore converges for x = 0. This may be 
the only value of x for which the series converges. 

If there are other values of x for which the series converges, 
let 2; be such a value. Then, by the theorem just proved, the 
series converges absolutely for all values of x in the interval 
==> Ae ae Sag 

Let us denote that interval on the number scale by Q;P; (Fig. Pape). 
There may be no values of x outside the interval Q; P; for which the 


series converges. Ifthereis  _», -¢, -z, Wy Wy 


= tt 
such a value 22, then “con- Ongar, 4 Piro 
verges absolutely in a new Fic. 22 


interval Q2P2(—22<4“< 2). 

If there is any value of x outside of Q2P2 for which the series 
converges, we determine a new interval Q3P3 for any point of 
which the series converges absolutely. Proceeding in this way it 
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is evident that the points Pi, Pe, P3 either recede indefinitely 
from the origin or approach a limiting position R; that is, the - 
series converges absolutely for all.values of x or converges abso- 
lutely in a finite interval 

—-R<2x2<Rh 


and diverges outside that interval. This interval is called the 
region of convergence. This argument does not say whether the 
series converges on the boundary of the region or not. 

The region of convergence of the series may frequently be deter- 
mined by the ratio test applied to the series of absolute values. 
Let us apply this test to the series (5), replacing each term by 
its absolute value. 

We take the ratio of 


a grt a 
n+1 - baud atl | (6) 
Cte |Qn| 


(that this is the ratio of the (n + 2)d term to the (n+ 1)st term 
instead of the ratio of the (n+ 1)st term to the nth term is unes- 


sential). Now if the ratio 
| Qn +1| 


| Gn | 


approaches a limit L, then the ratio (6) approaches a limit L |2| 
ee ras 1 
which is less than unity if |z| < L and greater than unity if 


1 : 
(3) rr Hence the region of convergence is determined as 


a<a<- 
L L 


As an example take first the series 
14+224+32?+---4+nr"-14 (n+1)2"4+---. 


The ratio of the (n + 1)st term to the nth term is acs x. The 


limit of this ratio as increases indefinitely is x. The region of 
convergence of the series is —1 <x < 1. 
Secondly, consider 


x x? grt 
Baebirimae ser ang Senda sae 


The ratio of the (n + 1)st term to the nth term is —- The limit 
n 


of this ratio is 0 as m increases indefinitely no matter what the 
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value of x. Hence the series converges for all values of x. The 
region of convergence is — 0% < x < ©. 
Finally, consider 


1+24 2! 274+ 3!a%4---+(n—D! 2% +4 n! o4+..., 

The ratio of the (n+ 1)st term to the nth term is nz. This 
ratio becomes infinite with n for all values of x except x= 0. 
Hence this series converges only for x = 0. 


21. Uniform convergence. Let (— R, R) (Fig. 23) be the region 
of convergence of the power series 


Qo + Oye + Age? + +++ + Ane” + Angie" t+... (1) 


and let (a, 6) be an interval lying completely in (— R, R) (Fig. 23). 
For explicitness take |b|>J]a|. Let a b 

the sum of the first n terms of (1) be =p 7 4 
denoted by s,(a) and the sum of the 

remaining terms by 7,(x), where 


Git) =O." + O,.10 +d, co0"t? +... 


Fic. 23 


and [7n(x) | =| Qne”|+]Qn4i1t"t1|4+]angor"t?/4 - oa (2) 
If (1) converges for x; it is possible to take n so great that 
brates) |=<e, (3) 


where € is any assigned positive quantity, but the value of n 
in (8) depends upon the value of 2. 
Suppose n is determined so that 


(7(0) | <<. 
Then for any value of x in the interval (a, 6) 
|x| <6], 
and therefore, from (2), 
[rn(x) | < |rn(b) | <6 
That is, it is possible to determine n so that for all values of x in 
the interval (a, b) Ira(a) |< € 


This property of a series is called uniform convergence, and we 
have shown that the power series is wniformly convergent in the 
region (a, b). The boundaries of that region may extend as closely 
as we please to the boundaries of the region of convergence. 

22. Function defined by a power series. We shall now prove that 
a power series defines a continuous function of x for values of x 
within the region of convergence of the series. 
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Any value of x in the region of convergence determines another 
definite value; namely, the limit of the sum of the first m terms of - 
the series. This limit we define as the value of the function and 
write f(a) = ao + ax + don? + age? +---+ana"+--% (1) 

It remains to prove the continuity of f(z). For that purpose 
let us write (1) in the form 

f() = 8n(X%) + n(x), (2) 
where s,,(x) is an algebraic polynomial and r,(x) is an infinite 
series whose value is the difference between s,(x) and f(x). 


Let x; be a value of x in the region aks 
: A eee et 
of convergence and consider an in- ~_p Ox) «,2+0R 
terval (1, — 6, 21+ 6) (Fig. 24). By meee 


the property of uniform convergence, 
if € is any assigned positive quantity we can take n so great that 


lien (2) fa - for all values of x in the interval (x; — 6, x,+). 


This fixes n in (2). 
Now take x + h in this interval and form 
Sf +h)=srx@+h)+rr(x+h), (3) 
where lrn(t+h)| < a 
From (2) and (8) we have 
F(@ +h) — f(e) = 8a(x + h) — 8n(x) + 1n(@ +h) —4ra(x). (4) 
Now s,(x) is an algebraic polynomial and therefore continuous. 
Hence h can be taken so small that 
|sn( +h) — sa(2)|< 5 


Then in (4) 
[fe +h) —f@)| =| sn(v +h) — 8,(x)|+| tala + h)|+|rn(2)|; 
that is, | f(e~+h) —f(x)|< €. 


This proves the continuity of f(z). 

23. Integral and derivative of a power series. We shall prove 
the following theorems: 

I. A power series may be integrated term by term. 


We mean, speaking more precisely, that if (a, b) is an interval 
in the region of convergence, then 


[tere =[aode+ Camas t+ [ayer det (1) 
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To prove this, write 


ff tea = [sated +f ralode, (2) 


Now by the property of uniform convergence it is possible to 
take m so great that for all values of x in the interval (a, 6) 


€ 
[7 n(a) |< fo: 
b uF es 
Then | if ra(a)d| < i de = €. 
a a b aa 4b 
6 b 
Hence in (2) if Tejdo= Lim | sxtz)az; 


which is exactly the meaning of (1). 
II. A power series may be differentiated term by term. 
We mean, speaking precisely, that if 


f(x) = a0 + ax + aor? +--+ + anz"+--., (3) 
then the series a; + 2aor+---+ na," 14... (4) 


converges in the same region as (3) and represents f’(x). 

A simple proof of the convergence of (4) which is valid in most 
cases may be given by means of the ratio test ($19). For the 
limit of the ratio of the absolute values of two successive terms 
in (4) is the same as the limit of the ratio of two successive terms 


in (3) ’ namely, An +1 


|x| Lim 


n 


so that if this limit exists and is equal to L, the region of conver- 
gence of each series is 1 1 

ag iigs aL 

This proof fails, however, in the case in which L does not exist. 

Therefore we need another proof. Let x (Fig. 25) be a value of x 


lying in the region of convergence of (3) xX 
: ——S$$ ttt 
and let X be a quantity such that =R Owe TR 
Desa lt. Fic. 25 


Since we are dealing with absolute convergence we may for 
convenience take x, X, and the coefficients of (38) as positive. 
Taking the nth term of (4) we may write 


n—l - 
(Oth Ga (=) ERs 5 
nant” =n AX (5) 


48 POWER SERIES 


But = =r, a number less than unity, and it is easy to show by 


the method of undetermined forms that 
Lim nr”-! = 0 whenr < 1. 


Therefore n can be taken so large that 
r n—-1 
<= <a XG 
(=) 
and, from (5), Pein > PERI E 


But the series with terms a,X” converges, since X is in the 
region of convergence of the series (3); therefore the series (4) 


converges absolutely. 
On the other hand, if x is taken outside the region af conver- 
gence and X isa value less than z, then (5) shows that eventually 


Nip me aXe 
and since the series with terms a, X” diverges, so does the series (4). 


We have now in two ways proved that the series (4) converges 
in the interval main Fe tea 


Hence, by the first theorem, it may be integrated term by term, 
and the integral is exactly (8) plus a constant of integration. 
Therefore (4) is the derivative of (8). 

As a consequence of this we may prove the following theorem: 


III. A function may be expanded into a power series of x in only 
one way. 


Let there be given 


f(x) = ao + 1% + age? + age? +--+, 
Weform = f'(x) =a + 2a2e48a3e?+---, 
F'(@) = 2 d2-+- 38! asx +--+, ete.; 
whence 


do = f(0), a1 = f'(0), a= f"0), a an = 75"), 


and we have Maclaurin’s series. Since this determination of the 
coefficients is independent of the manner in which the original 
series was obtained, we have proved the theorem. 

24. Taylor’s series. In the foregoing sections we have consid- 
ered functions defined by means of given series. Conversely, if a 
function is known, and known to be continuous and to possess 
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derivatives of all orders, it may be expanded into a power series. 
This is an extension of the work of § 7. We saw there that if f(z) 
and its (n + 1)st derivatives exist and are continuous, then 


fle) = 40) + FOr + + FPO T4 R, (1) 
grt 4 ’ 
where faa *, )(£). (Ome E =e) 


Now if f(x) possesses all its derivatives, and they are continuous, 
the formula (1) may be expanded indefinitely ; and if at the same 
time |R| approaches the limit 0, (1) becomes a convergent 
infinite series representing f(x). 

For example, consider ; 


: 4 x geht 
Sra aiie ne teal) Cu eaae (2) 
h 2k +3 
where ee oe ar ag aaa 
u eee 
ence |R|< 2Qk+3)!' 


and whatever the value of |x|, the value of | R| approaches zero | 
as k increases infinitely. This is readily seen from the fact that 

|x*| 
(2k+4)(2k+5) 
and this factor approaches 0 as k increases. Hence (2) determines 
an infinite series which represents sin x for all values of «. 

It should be noticed that it is not sufficient to establish the 
convergence of the series which would be obtained by dropping R 
from (1), because this series may converge but still not represent 
f(x). In this connection, consider , 

f(x) =e ™. 
If the values of f(x) and its derivatives for x = 0 are defined as 
equal to the limits approached as x— 0, the function and its 
derivatives are continuous and have the value zero when x = 0. 


_ Therefore Maclaurin’s series is 
if 


e®=04+0+4+---+04+R. (3) 


It is manifestly absurd to omit R and say that the resulting 
series represents the function. In fact FR is the value of the function 


if k is increased by unity, | R| is multiplied by 
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for a given value of x and does not approach zero as a limit when 
the number of terms of the series is indefinitely increased. 
1 


Again, consider f(z) =sine+e ™. 
We have ; epee 2htl 
spelt ela. onary Many |) ee, ey 
snt+e "=x 311 Bi (eee Ly Crain’ (4) 


If R is dropped from (4), there is left a convergent series which 
does not have as its limit the function on the left of the equation. 
In fact we have already shown that the series in question defines 
sin x. ; 

This example is, of course, exceptional. As a rule, if the series 


2 
f0) + 2f'0) +5 Ff") ++ 


converges it represents f(x) for all values of x in the region of 
convergence. This may be established for the elementary func- 
tions by discussing R as we have done in the case of sinz. This 
requires obtaining the general form for the nth derivative of the 
function, which in.many cases is difficult or even impossible to 
obtain. A more general proof may be given by use of the prop- 
‘ erties of the function of a complex variable (see § 147). 

We have discussed the series expansion in the neighborhood of 
x = 0. To expand the function in the neighborhood of x = x we 
have simply to place x’ = x — x» and proceed as before for 2’. 

Suppose, now, that the power series 


Ao + 1% + Get? + +--+ ane"+--- (5) 


defines f(x) for x within a region of convergence (— R, R) (Fig. 26). 
The series enables us to find the value of f(x) and all its derivatives 


for x = x when “po is in the region of a 0 R 
convergence. Placing x’ = 2— 2 we = D } 
may obtain a new power series Fic. 26 

Ao’ aN ay/x' ah VO =e a3/x'? +- tes, (6) 


which will converge in a region — R’ < x’ < R’. If this region 
extends beyond the region (— R, R), we have f(x) defined for 
values of x which lie outside the region of convergence of (5). 
Again, taking x’’ = x’ — x’ we may: form a series 

do” + aye" + Oo 7 + BO 
which defines f(x) in general for still other values of 2. 
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In this way the values of the function defined originally by a 
series for certain values of x may be obtained for values which 
lie outside the region of convergence of the original series. 

25. Operations with two power series. We shall now show that 
two power series may be added, multiplied together, or divided 
one by the other, and the result is a power series which converges 
when each of the first two series does and’ which represents the 
sum, product, or quotient, respectively, of the two series. 

Let Go + Aye + Gee" + +++ + Ont” +--+, (1) 

bo = bie + 0ex? > + b,c” +: --, (2) 

be two power series which converge for a given value of z, and let 
(do+ bo) + (a1 + bi)a+ (a2 ba)e*+ +++ An +bn)a"+--- (3) 

be the result obtained by adding the series term by term. We wish 
to show that (8) converges and represents the sum of (1) and (2). 

Let s, be the sum of the first (n + 1) terms of (1), s,’ the simi- 

lar sum for (2), and S, the similar sum for (3). Then 

Sn = Sn + eS; ; 
and since s, and s,,’ approach limits, S, approaches a limit which 
is the sum of s, and s,’. 

Again, let (1) and (2) be multiplied as if they were polynomials, 
thus forming the series 

dobo + (aobi + abo) + (adobe + aid: + a2bo)x” 

a (dob3 — abe + dob; + azbo) x? + 90) Oe (4) 

Let So, be the sum of the first 2~+1 terms of (4), that is, 
of terms involving all powers of x up to and including x?”, and 
let s,, Sn’ be as before. It is evident that all partial products 
formed by multiplying s, and s,’ are found in Sen, but that So, 
will also contain partial products not thus formed. These partial 
products may be arranged as follows: 

do(baait + - a pe) 
+ ES ie a ye eer OE 


ai 
+ OE te “2h, 40"? ae b vot" *?) 
ee” = US aht (5) 


b in 410" tbo + bie +--+ + bn-12"") 
4 anette -+ b,-22"~”) 
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Let the sum of the terms in (5) be represented by 6. Then 
Say = Seon c0: (6) 

Since a power series converges absolutely, the absolute value of 

s, is less than some finite quantity, say A, and the absolute value 


of s,’ is less than some finite quantity B. 
The parentheses in (5) are of two types. The first type is of 


the form bint ob en Bon Sees (7) 


This is less than the remainder of (2) after the n + 1 terms have 
been taken in s,’.. Hence, since a power series converges abso- 


lutely, the sum (7) can be made in absolute value less than yi 7 a 
where ¢ is any assigned quantity, by taking n sufficiently great. 
The second type of parentheses in (5) is 
bo + bie ++ +--+ bn 5" —*, 

which in absolute value is less than s’,, and therefore less in abso- 
lute value than B. Hence, from (5), 

6|< (do tayx+--- a te 

|6|< @o+ae+---+a,-17 )A4B 


+ (dn 410" 7) + + +++ Gon2?”)B. (8) 


Now, reasoning as before, the absolute value of the first paren- 
thesis in (8) is less than A and that of the second parenthesis can 
€ 


A+B 
is possible so to determine n that 


|d|<e. 
Therefore, from (6), Lim S2, = Lim (s,s,’). 


be made less than by taking n sufficiently great. Hence it 


In a similar manner it may be shown that 
Lim’S2, 77 =-Lim (s)s,): 


Hence the proposition is proved. 

That one power series may be divided by another follows imme- 
diately, since division is simply a process to find a quotient which, 
multiplied by the divisor, gives the dividend. A more general 
operation is as follows: 


Let y = f(z) =ao + az + aoz?7 + --- (9) 
and 2 = o(x) = bo ot bx +. box? +.-., (10) 
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Then y = flo(x)] = F(a) 
= do + ai(bo + dix + box? + -- -) 
+ d2(bo + dix + box’ +--+)? 
+ a3(bo + bie + box? + - - -)8 (11) 
Pee, 

By computing the powers of the series for z and collecting the 
coefficients of the powers of x we may obtain in this way an 
expansion of y in powers of x. In many cases the coefficients of 
the powers of x will be infinite number series which can be com- 


puted only approximately, but in other cases they will be exact. 
For example, let us find log cos zx. 


ees re 
We have log cos x = log (1-F +5 -F ++) 
= log (1+ 4) 
© uw YP aut 
— a Se aad dale 
ee ce 
where es 
Hence 
; ( sees IH ca AI) a eke aro 3 
ae = \ oe a 20h A= ee 
iI 7? at 6 3 “ 
eee 
— La A thoy salva 


26. The exponential and trigonometric functions. By expansion 
into Maclaurin’s series the following series are obtained : 


2 3 n 
e*@altet+otot + ote. (1) 
ee pb oy : 2k +1 
sint=2—a te—- 7 + 1) Qk+D!t (2) 
ee a xt k a 


These series converge for all real values of x and may be taken 
as the definitions of the functions concerned. It is true that the 
series have been derived by a chain of reasoning which began with 
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elementary definitions. For example, sin x and cos x have been 
originally defined as ratios connected with an angle whose cir- | 
cular measure is x. Properties of these functions are then devel- 
oped both in elementary trigonometry and in the calculus leading 
finally to the series above. 

This process may be reversed. The series given above may now 
be laid down as the definition of the functions, and all the familiar 
properties may be deduced from them. For instance, since two 
series may be multiplied, it is not difficult to show from (2) and 


(3) that sin x cos y+ cos x sin y= sin (x+y); 


and since a series may be differentiated, it follows from (2) and 


(3) that 


Ga 
—sinx=cos xz, 
dx 


d vies 
qq COS t= — sin c 

This method has the advantage of giving us a purely analytic 
definition with no dependence on a geometric construction. The 
connection with an angle becomes then merely an application. 
This definition also makes it possible to speak of the values of 
e”, sin x, and cos x when « has a complex imaginary value of the 
form a+ bi where 2 = V— 1. 

The study of the complex variable will be taken up in detail 
in Chapter XV. It is assumed now that the student has acquired 
from elementary algebra the knowledge that a + bz may be oper- 
ated on by ordinary rules of algebra, with the addition that 7? is 
to be placed equal to — 1. Hence if we place x = a+ & in each 
of the series (1), (2), (8), there result two series, one not involv- 
ing 7, the other multiplied by 7, and these define e*+”’, sin (a + bt), 
and cos (a + bz) respectively. 

However, we shall be concerned in this section only with the 
result of replacing x by 27 in (1). 

Since 7?=-—1, #®=—7, 14=1, etc, 

: pees ig eee 
we have e” =(1-5 +5 ---)+i(2- E+E -.-) (4) 
=cosx+isin 2x. 

Similarly, we obtain 


e-**—cosx—isin 2. (5) 
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From (4) and (5) follow immediately 


ez 2. e~* er? a et 
sin z= cose = =<. (6) 
These formulas show a remarkable relation between the expo- 
nential and trigonometric functions. 
By the law of multiplication of series it is easy to show from 
(1) the truth of the exponential law 


erlet2 — ett r2. (7) 
Hence we have, from (7) and (4), 
e7 tut — etevt — e*(cosy +7 sin y). (8) 


From the formula (7) it follows that 

(es)* = eo 
where 7 is a positive integer. Rewriting this equation in the 
light of (4), we have De Moivre’s theorem; namely, 


(cos 6+ 7 sin 0)” = cos n6 +7 sin nO. (9) 


This may also be verified for small values of n by actual multi- 
plication and then proved by mathematical induction for n equal 
to any positive integer. It is also true when n is negative or 
fractional, but we will not go into this now. 

eae Hyperbolic functions. From analogy with the sine and cosine 
as given in (6), § 26, we may define two new functions, called the 
hyperbolic sine and the hyperbolic cosine, as follows: 


sinh 7 = aie 
ete (1) 
cosh x = ror 
Other hyperbolic functions are then defined by the equations 
sinh x 
tanh x = ——> 
cosh x 
rnp ayiteeaail 
con © = tanh x (2) 
sech x7 = Raine! 
cosech x = 


sinh x 
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The series expansions for sinh x and cosh x are then, from (1), 


43 rie 2k +1 , 
: nae wee eee ee ee 3 
sinh e=a+ apt et t+ Oka Dio , (3) 
A pe 
OE on orem mg ar temn (4) 


The hyperbolic sine and cosine are connected with the trigono- 

metric sine and cosine by the relations 

sin iz =isinhz, cos1x = cosh 2, (5) 
which may be proved by replacing x by 2x either in the formulas 
(6), § 26, or in the series (2) and (8), § 26. 

It is clear that the hyperbolic functions must satisfy relations 
similar to those for the trigonometric functions. These may be 
derived directly from the definitions (1) or by substituting from 
(5) in the usual formulas of elementary trigonometry. We have, 
for example, cosh? x — sinh? x = 1, 

1 — tanh? x = sech? 2, 

1 — eoth? x = cosech? z, 
sinh (x -+- y) = sinh x cosh y + cosh z sinh y, 
cosh (« + y) = cosh x cosh y + sinh & sinh y, 


d 
Sill = COsh 2, 
dx 


d ; 
ms cosh x = sinh z, (6) 


os tanh x = sech? z, 
dx 
and others, some of which will be found in the list of exercises for 


the student. 
The inverse hyperbolic functions are defined by the equations 


y=sinh"'x when x=sinhy, 
y=cosh"'x when x=coshy, (7) 
y=tanh7'* when «=tanhy, 

and similar forms for the other three functions. 

From the equation ev —e-¥ 
Se sinh y= 9 
we get e?4 2 re4¥ = 1; 
whence e=a2+Vr?+1, 
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where only the positive sign of the radical is taken, since e” is 
always positive. Hence 


y =sinh-! x= log (x +-Vz? + 1). (8) 
In the same manner it may be proved that 
cosh-! x = + log (x + Vz? — 1), (9) 
1 1+z2 
tanh—! z = = log ——. 
nh = 5 log sees (10) 
From the equation x = sinh y 
we get dx = cosh y dy; 
whence ih a . : 
dx coshy 1+ sinh? y’ 
. dye 1 
that is, — sinh7! s = ———., 11 
oe Ts (11) 


where the plus sign is taken for the radical when z is real, since, 
from (1), cosh y is always positive. 
Similarly, we may prove that 


d 2 1 
iE eosh! x = + rear (12) 
d ee ee 
oe tanh-! + = ey (13) 
From the last three formulas follow the formulas of integration : 
dx eae 
lees = sinh = (14) 
iy oe RE (15) 
ge? — G2 a 
i Leo pte ee (16) 
— 7a a 
28. Dominant functions. Let 
f(x) = a0 + axe + aon? +--- (1) 
be a function defined by a power series, and let 
(2) = Ao t+ Ait + Ast? +--- (2) 


be a second function defined by another power series in which the 
coefficients A, are all positive and such that 


Ayala: (3) 
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Then the function ¢(x) is said to dominate the function f(x) in 
the region of convergence of the two series. 

For a given f(x) there are an infinite number of dominant func- 
tions. A simple one may be found as follows: 

Let. r be any positive number in the region of convergence of (1). 
Since (1) converges absolutely for =r, there is some positive 
number M which no term can equal or exceed in absolute value; 


that is, Kens es < M. (4) 
Consider the function 


M 
b(t) = 7S aMt Sat Geter. (5) 


This series converges when |x| < r and, by (4), 
M 
= > |an|- 
= 


Hence (x) is a dominant function in the region (—7, r). 

29. Conditionally convergent series. We have been concerned in 
the previous sections entirely with absolutely convergent series. 
It has been noted, however, that a series may converge even when 
it does not converge absolutely. Such a series is called condition- 
ally convergent. For example, consider the series 

1—$4+4-4+4-4+--- (1) 
The sum of the absolute values of the term of (1) is the harmonic 
series (§17), which is known to diverge. Hence (1) does not 
converge absolutely. However, it does converge as it stands. To 
show this let us plot on a number scale successive values of 


hh al Saye 
Sa ota aaa oi 

The appearance of the graph (Fig. 27) may be compared to the 
swing of a pendulum, every s with an odd subscript corresponding 


to a swing to the right, every s with Roe Ps 
an even subscript corresponding to O ees 


a swing to the left. Every swing in 
one direction is less than the previous 
swing in the other direction, since the numbers added or sub- 
tracted are growing smaller. Hence s2, increases with n but 
remains less than 1, and therefore sz, approaches a limit L.* 


Fia. 27 


* See footnote on page 39, 
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Similarly, sz, +1 is growing smaller, but is always greater than 4, 
Hence s2n+1 approaches a limit L’. But 
1 
201 
so that Lim|s,,41 — s,|= 0 and therefore L = L’. 
The series (1) is a special case of a general type of series of 
importance for which we have the theorem — 


|Sen41 — Sen|= 


If in a series of alternately positive and negative terms each term 
is less in absolute value than the preceding term, and the absolute 
value of the terms approaches zero as a limit as the number of terms 
increases without limit, the series converges. 


We have 
do — a1 +02 — ast (= 1)" an + (HDs, (2) 
in which the a’s are positive numbers with 


» 


desi — G, andsLim «a, = 0: 


n> © 


The proof that this series converges may be given on the lines 
on which the convergence of (1) was proved. 

It should be noticed that the limit approached by the sum 
of terms of a conditionally convergent series may depend upon 
the order in which the terms are arranged. Suppose A is any 
arbitrarily assumed number, which for convenience we take as 
positive, and let us arrange the terms as follows. Take at first 
just enough of the positive terms in the order in which they 
appear in (2) so that their sum exceeds A; then just enough of 
the negative terms so that the sum of all the terms taken shall 
be less than A; then just enough positive terms so that the sum 
of all the terms taken shall again be greater than A; and so on. 
In this way s, is alternately greater and less than A, and it is 
easy to see, since the terms are decreasing in absolute value, that 
S, approaches A as a limit. 

The limit of the sum of nm terms of an absolutely convergent 
series, however, does not depend upon the order in which the 
terms are taken. 

To prove this let 


do t+ a1t+d2+as+-+:+Gn+-:: (3) 
be a series of positive numbers and let 
bo +bit+b2+b3+---+bn+-:: (4) 
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be the same series with the terms in different order, but so that 
each term of (3) is found somewhere in (4) and each term of (4) 
is found somewhere in (8). 

Let s,’ be the sum of the first m terms in (3). Then n may 
be taken so large in (3) that all the terms in s,,’ are found in 
the n terms of (3). Hence 

Sr eSne eA 


where A is the limit of the sum of the terms of (3). 

Hence s,,’ approaches a limit which is equal to or less than A. 

In the same way the limit of s, may be shown to be equal to or 
less than the limit of the sum of the terms of (4). 

Hence (3) and (4) converge to the same limit. 

Since an absolutely convergent series may be considered as the 
difference of two series of positive terms, the theorem follows. 


EXERCISES 


Determine the convergence or divergence of the following series: 


{ee eee 1 
1. - _— — evleiie a Cronos 
2 ee 10 “page 
1 1 1 
9. + —— Bags ee Sue <5 
1223 Fes oe Pte Eno) 
1 1 
1 ae ae “ 
3 Hos cates a es 
pee eee ! + + : b 
Paley Pee trl n(n + 1) 
il if 1 1 
5. —— + — + —+4+---+ ————__ + - -., 
15253) 4a 6 i (ae 
ey Thal 1 
6 —+—s+-—4+-- 
re pe (Ome 
we Be gn-l 
71+-4+ + ° 
8 335 Srp a (Qopeay.. 
be al 
DAN aie IP aise se acta 
3 4 5 N+ 2 
ee, + AiG 
yy, (Ao e) Bol ee eI) 
i! il 1 
10, — 443 er 
1-3 a ecae ee ea 
3 3 3 
111 he eee 
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Olea bapa 
2 3 ay 
ec en 
L 1 
ee tes eeaeh Lo taaopat 
222° Q2n-1 ; 
ets 2g 8 tt Symi 
+, Se ae ae ts 
Lope Pars} Byod! n(n +1) 
1 1 
a es ie 
1. +S +54 Sdaste 
: 1 n—1 
2.5+s State aires 


Find the region of convergence of the following series: 


3 4 n+1__ 
21. bese aD Th she Sar are Jee ee 
ee a 2k 
.ec-—+—- 15 
Pei OEE 
b? pr-1 
aa gr-l4... 
aa a a 
2? 3? 2 n® wat 
hE Sari rT a nana aire fed +. 
3? s gr-1 a 
SANG a os ary oe eet 
—1 n—1)-::(n—k+1) 
a6. 1+ me + BOD gay... MOTD ETD at 
ee Tee fo 
ae een 
4 gt 921 93 i Qn 
= 1 x 1 x? es ae 1 genet +.-- 
ee ae 1 an 137 
x? 1-8 ae ie 3-5: 120-3 on24 
eu a 1- eget t) {eons ye 1 
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30. Show that Ao + aye + aor? +--+ + ane" +-°> 
converges if Lim Vv Gn <1 and diverges if Lim Vv fips, SS Aly 


n> 0 noo 
31. Show that 
Up + U1 (2) + U2(%) ++ +> + Une) +--+, 
where uo(x), W(x), +++, Un(x) are functions of (x), is uniformly con- 
vergent in a region (a, 6) if a series of positive numbers 


Mo + Mi+ M2+---+M,+-°> 


can be found such that |us(x)| < M; 
for all values of x in the interval. 
S2 eet Gy + dg dg ++ - +a, pres 


is an absolutely convergent series, prove that 
a sinzg+a2sin2r7+---+a,sinnz+:-- 
is uniformly convergent in the interval (0, 2 7). 


33. Prove that 


2 2 


L7 x fs 
“+7484 Cet (tae e 
is not uniformly convergent in any interval which includes x = 0. 
34. Prove that any series 
uy () + a(t) $e +s + Une) bos 
of continuous functions y;(x) which is uniformly convergent in an 
interval (a, b) defines a continuous function in the interval. 
35. Show that any series of continuous functions which converges 


uniformly in the interval (a, 6) may be integrated term by term be- 
tween limits which lie in that interval. 

36. Show that any series of continuous functions may be differentiated 
term by term if the resulting series is one of continuous functions which 
converges uniformly. 


Show by consideration of R that the following series really repre- 
sent the function and determine the region of convergence: 


a? 
Bs ee Ula elaey gt aie teas 


2 4 
38. COs ie ee te 
Zh Al 
39. log OE Or oe 
40. (+2) =1tne+8@— Oe 
1 : 


41. =1—77+2*-—7°+.-.., 


142? 
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Obtain expansions of the following functions by integration of an 
integral and ame the region of convergence: 


42. sin-! x ={ ——— —— =" 48. tan—! a =e 
—2x 


44. log (x + V1+22) = =f 


ea. 


ier, , 


Obtain series expansions for the following ateer ala and determine 
the region of convergence: 


45. {°e-* dr. 46. (“cos x? dx. 47. ibe 


a —1 


dz. 
1+ <2 


Find by combinations of elementary series already obtained expan- 
sions of the following functions: ~ 
—1 


Pe ee 
; cos x aN ee 
: sinz 
49. sec x= . cite 
cos x Gael? =e 1 eee I. 
tan x 
50. cot « = <°8*. ara a 
sin x b6eeo> 25 
51. e7 sec x. 57. log (1+ sin x). 
‘ : ew+te4, ey —e-¥ 
58. Show that sin (x + iy) = on sinx+7 : COS 2. 
59. Show that 
4 ey+te¥ .e4—e4 , 
cos (x + 2y) = nigeria x Saget a 


60. From formula (9), § 26, assuming that the real and imaginary 
parts of two equal complex quantities are equal, derive the formulas 


cos n§ = cos" 6 — wae cos”~ 26 sin?6 
yg BUS EY oem tal AL) aa 2) cos"~*6@ sint#@ —---, 
sin nO = n cos"—!6 sin 6 — mene cos"-3@ sin?@ +--+, 


61. Apply the method of Ex. 60 to find cos 3 @ and sin 38. 
62. Apply the method of Ex. 60 to find cos 56 and sin 58. 
63. Prove formulas (6), § 27. 

64. Prove formulas (9) and (10), § 27. 

65. Prove formulas (12) and (18), § 27. 

66. Construct the graphs of sinh z, cosh z, tanh x. 

67. Find formulas for sinh 2 x and cosh 2 z. 
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68. Find formulas for sinh 5 and cosh 5 
69. Prove that 
sinh (x + iy) = sinh x cos y + 7 cosh z sin y, 
cosh (x + ty) = cosh x cos y + 7 sinh & sin y. 
70. Show that if-ao = 0 in (1), § 28, the function 
m 


—m 
xv 
ie 
ry 

is a dominant function when m is any positive number whatever. 


71. Show that in (1), § 28, 
OF 
z 


| tn(x) | oe 
4n 


hee 
Ps 
72. Show that the series 
iL 1 1i if 
VOT NA Vn 


converges conditionally but not absolutely. 
73. Show that the series 
OB) 2 Ci aie CR P88 ae Th. Geo cp 


- uz sin x 
where Thao {| dx, 
n-l)r 2X 


converges. 


CHAPTER III 
PARTIAL DIFFERENTIATION 


30. Functions of two or more variables. A quantity f(z, y) isa 
function of two variables if the value of f is determined by the 
values of x and y. The values of x and y may be represented in 
the usual way, as codrdinates of a point on a plane. Then to 
every point of the plane is associated a value of f, and we may 
speak of the value of f at a point (x, y) as a convenient way of 
saying the value of f for the number-pair (z, y). This manner of 
speaking may have a physical meaning; as, for example, if f is 
the intensity of illumination or electric potential at each point of 
the plane. The method is useful, however, when there is no 
physical meaning of the function and it is simply an abstract 
function. 

The function f(x, y) is continuous at a point (a, b) for which 


it is defined if Lim f(x, y) = f(a, b) (1) 
Hogs 
independently of the manner in which x approaches a and y 


approaches 0b. 
As an example of a discontinuity, consider 
oe? — y? 


f(z, y) = Ane (2) 


The function is not defined by (2) for x = 0, y= 0. It is in order, 
therefore, to complete the definition of f(x, y) by assigning to it a 
definite value A for x= 0, y= 0. It is not possible, however, so 
to choose A that f(z, y) is continuous at (0,0). For let (a, y) 
approach (0, 0) along the straight line y= mz; then along this 
line be m2 

iG y) = 1+ m2 


and by changing m the function on the right may be given any 
value whatever. Hence f(z, y) will not approach A for all ways 
in which x0 and y—0. Hence f(z, y) is not continuous 


at (0, 0). 
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The definition of continuity may be more explicitly given as 
follows: Let € be any assigned positive number no matter how | 
small; then if f(x, y) is continuous at (a, 6), it is possible to find a 


number 6 so that \fath, b+k) —fla, b)|<e 


for all values of h and k for which |h| < 4, |k|< 6. 

Graphically this means that it is possible to surround (a, b) by a 
square of side 2 6 (Fig. 28) so that for all points in the square the 
difference between f(z, y) and f(a, b) Yy 
is less than e. 

A quantity f(z, y, z) is a function 9+3}-—-—— 
of three variables x, y, z when its 
value is determined by these vari- 
ables. We may interpret (x, y, z) as 
coordinates of a point in space and 
speak of the value of f at a point. 
Then f(z, y, z) is continuous at a point 
(a, b, c) for which it is defined if 

Lim f(x, y, z) =f(a, b, ¢) eset 
as (x, y, 2) approaches (a, b, c) in any manner whatever. More 


exactly: If € is any small positive number, f(x, y, z) is continuous 
at (a, 6, c) if we can find another small number 6 so that 

\f(a +h, b+k, c+ l) — f(a, b, ¢)| <€ 
for all values of h, k, and 1 for which |h| < 6, |k| < 6, |l| <6. 

Geometrically this means that we may surround the point 
(a, b, c) with a cube of side 26 such that the difference between 
f(x, y, z) and f(a, b, c) for all points in the cube is less than e. 

Similar definitions hold for a function of four or more variables. 

If f is a function of any number of variables continuous at 
each point of a given region, theorems I-IV of § 2 remain true, 
with the word “interval ’’ interpreted as meaning a square in 
two dimensions, a cube in three dimensions, and so on. 

31. Partial derivatives. Given f(x, y) we may hold y constant 
and allow x to vary, thus reducing f to a function of x only, which 
may have a derivative defined and computed in the usual way. 
This derivative is called the partial derivative of f with respect 


to x and is denoted by the symbol of f, or of or (2 ): Thus, by 
definition, af df fC h Kl ie? 
ee ee | en een Tes INES Hy UI t hy y) — F(a, y) 
ie a ee h (@) 


fe 


y h>0 
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Again, by holding x constant we make f a function of y alone, 
the derivative of which is the partial derivative of f with respect 
ey: of _ (4f\_,. fa, y+k) —f(e,y) 

en ns 

The theorem of the mean obviously holds for each of the par- 
tial derivatives; that is, using the form (38)'of § 6, 

fath, y =f, y) +hfce(e+ Ah, y), 0<H<1) 6) 
F(a, y tk) =f, y) + hfe, y+ Oak), (0<@2<1) (4) 
and, by combining these two, 
fethythk) =f(x, y) +hfe(u+ Oh, y) + kfy(a@ +h, y+ O2k). (5) 


If f(x, y) has partial derivatives for each point of a domain, those 
derivatives are themselves functions of x and yand may have par- 
tial derivatives, which are Ar second partial derivatives of the 


sa)” bye)” Badu)” By Ga)” 
h t oe = See wae >> eee Sal = Ss , 
function. We have then a al Bat oy GaP oe | Oy) Da Abu 

but, as we shall show presently, if f(z, y) and its derivatives 
a and 4 are continuous, the order of differentiation is imma- 


terial, so that the second partial derivatives are three in number, 
expressed ee the symbols 


Z <(2)- e za = Sexy 


ey ale) ee = (F)= hi = Sey (6) 


Similarly, the third partial derivatives of f(x, y) are four in 
number ; Sapoes : 


2 (a 2 (21) (#) 2 ae 
2 (a). 8 Ox Oy) Ox? \dy/ Ox? oy 
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pt+q 
So, in general, ears signifies the result of differentiating 
Ox? oy! 
f(x, y) p times with respect to x, and q times with respect to y, 
the order of differentiation being immaterial. The extension to 
any number of variables is obvious. 
Similarly, we have partial derivatives of any orders of a func- 
tion of any number of variables. 
32. Order of differentiation. It remains to prove the statement 
that the order of differentiation is in general immaterial. We 
BG 0/0 
shall denote sae) by fy. and ae] by f., and shall first prove 
that if f has derivatives f,, f,, fyz, and f,, which are continuous at 
the point (a, b), then 
fry(a, 6) = fyc(a, 6). (1) 


For that purpose consider the expression 


pa feth 6+) —fG b+ —fath D+FG ) (yy 


hk 
and in the first place let 
f(a+h, y) —f(x, y) = FO, y). (3) 
Then a Morte (4) 


By hypothesis f(x, y) is continuous and has continuous deriva- 
tives, so that F(x, y) has the same properties. Hence we may 
apply the theorem of the mean to (4) and have 


_ F(a, b+ 0k) fyla+h, b+ Ok) —f,(a, b+ Ok) 
Li h — of pa, Lamhe 


By our hypothesis we may apply the theorem of the mean 
again to (5) and have 


I =fz,(a+ Ooh, b+ 0k). (0 < 61, 62 <1) (6) 
Again, let us place f(x, y+k) —f(a, y) = (a, y). (7) 
f P(a +h, b) — B(a, b) 
Then (2) gives RSS aera (8) 


Applying the theorem of the mean, we have 


t= P.(a+ Osh, b) _ fr(a + Osh, b+k) — f.(a + Osh, b) . 
- "k,l e 


and, after again applying the theorem of the mean, 
I= fyz(a + O3h, b+ 04k). (0 < 03, 04 <1) (10) 
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From (6) and (10) 
Tena + Ooh, b + 61k) = fr2(a +- Osh, b + O4k). (11) 
Now let h—>0, k->0. Since by hypothesis f,, and Sus are 
continuous at (a, b), we have, from (11), 
Fey(a, b) = fyx(a, ), (12) 
which was to be proved. 
From this result the statement that the order of differentiation 
is immaterial for any number of differentiations or variables read- 


ily follows, of course with the proper assumptions as to continuity 
of the functions involved. For example, since 


ey He x ae 


of 
Ox’ 


Bu ba Ba) ~ Be By (2a) 
Oy 0x \ Ox Ox Oy \Ox 


and again, interchanging the order of two differentiations, — 


One (2) BOF) (2) 
Ox Oy \Ox Ox Ox \Oy 
Od Es of of 
that = ———_ = —— : 
ue Oy Ox? Ox Oy Ox Ox? 
33. Differentiation of composite functions. We shall consider in 
this section a function of any number of variables 2, y, z,--- 
when xz, y, z, etc. are functions of other independent variables 
TeeS sa bscmes ss 
The number of variables in each set is immaterial. For defi- 
niteness, however, we shall consider 


F(x, y) 
and fix our attention on some one of the independent variables, 
say t. If tis given an increment At, then x, y, and f receive incre- 
ments Az, Ay, Af, and 
Af = f(x-+ Az, y+ Ay) —f@, y) 


Be OR AS Ape Ay, (1) 


Ox oy 


which is obtained from (5), § 31, by writing h = Az, k = Ay and 
noting that the coefficients of h and k differ by infinitesimals 


we have, by replacing f by 
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from f, and f,, respectively, under the hypothesis that these 
functions are continuous. 
Divide (1) by At and take the limit as At — 0. 


If t is the only independent variable, 
Af df - Avs as 
Wom) | rewreny Gee 


df ofdx , of dy 


and we have di = i de oy dt (2) 
If, however, there are other independent variables besides t, 
Lim al = ah Lim a = se, etc., 


AiaG Ste at>o At at 


Of of x , af oy. : 
PUNE at Ox Ot ' dy ot (8) 


If we differentiate (2) with respect to t, we have 


df _d o()a eal of d?x sale of d’y 4 
dt? dt\dx/ dt ' dx dt? ' dt\dy/ dt ' dy dt? (4) 
Now a is a function of x and y, and therefore (2) may be applied, 


with f replaced by a Then we have 


i ia) G7} dian of dy 


dx) dx? dt 


Ox? dt ' Ox dy dt 
of of da of dy 
dt a(a)= Ox Oy di | dy? dt 
Substituting in (4), we have 
d’f Of (dx 9 af dady , of (dy) ofd’x , of d’y 
di? oa? (Gi) + Oe Oy dt dt’ oy? ae a acd? ayae © 
Similarly, starting with (3) we get, when x and y depend upon 
s and t, 
Of Of (ox)? Of Oxdy , Of (dy\?, af Ox Of ay 
ee 7 Oe Oy at ott ay? ize) Ox OF by OF 
y x y ot 
of. 0° Ce0L men On (2 i Ox Oy\ . O*f dy oy 
Os Ot dx? as ot ' x dy\Os Ot ' Ot = dy? Os Ot 
of dx of oy 
dx Os Ot ' Oy Os Ot 
Obviously (7) reduces to (6) if s =t. 


Similarly, 


(6) 


@) 
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In a similar manner expressions for the third and higher deriva- 
tives may be found. 


We shall consider special cases of importance with changes in 
notation. 


Case I. f(u), where u = ¢(z). 
Here formulas (2) and (5) take the following forms: 


F=f), 


#1 mo (i YF ew § w) 


CASE II. f(u), where u= (z, y). 
We have, from (8), (5), (6), and (7), 


0 
Bare Zany e 
2 
a = (u ) (= Jen 
a v7 ou Gu U 
= fu) eS 10 aay 


oS =p" (=) +f'(u) = 


As an example, let it be required to show that f(x? + y”) sat- 


isfies the equation y a —7 ie =0. We place u=2?+y?. Then 
f(z? + y”) = f(u) and, from the equations given above, 


a of ees 
wes 7 Mp aehy : 
2 xf'(u), By yf’ (u) 

whence the inal result follows. 

CasE III. f(u, v), where w= ¢1(x), v= h2(Z). 

Formulas (2) and (4) may be written with a change of x to u, 
y to v, and t to x. 

CasE IV. f(u, v), where u= O(a, y), v= Vie Yy). of 

Formula (8) with a slight change of notation gives us Oe and ye 

0? o°f Rode Ss 

formula (6) gives a and by => and formula (7) gives Be Oy 
Cc 
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As an example, consider f(x — y, y— 2x) and place u=2z—y, 
v=y-—x. Hence, from (2), 


of _ of of 
Ox Ou ov 
of of of 


from which it appears that f(z — y, y— 2x), no matter what the 
form of f, satisfies the equation 


Again, consider z = fi(x + at) + fo(a — at) and place u = x + at, 
»=2—at. Applying (6) we have 
Be oh dhe 
dx? du?" dv? 
Ce TAL a) SCID 
62” duz dy?’ 
whence it appears that z satisfies the equation 
02 10x 
CasE V. An important application of Case IV occurs when we 
have a function f(z, y) in which we wish to replace x and y by 
polar codrdinates r and 0, where 
= e0s 0 yen ge (8) 
Then f becomes a function of r and @ and, by (8), 


of of ox , Of oy by, of 


or Behe Gn ge Ox ~ RO rp NE (9) 
Ca Of Ox Of oy ah of 
A0o% Ox DAswOy I) eee ek dy coe 
By solving these equations we obtain 
Dl es Os sD 
Ox Or ales p (10) 
UL aay inated | 


oy or 00 fr 
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These last equations may also be obtained directly from (8), 
written in the form 


gE OOO OOPS ei Fy 
de Ordx O00n Ora? 442 00m +y 
OfMgn Of Cts Of -08) Of > 2y rok Mae ihe + one 


Oy Ordy' 00dy OrVgz4 ye 00x? +y? 
ur. cr “00. 00 


where to get a me ay ey 
3 ox Oy Ox oy 


we write r= 27 y’, 6 = tan-! y, 
x 
Again, by use of (6), we may get 
rot cag > Of : ar. 
fo aoe cos’ 6 + 2 Bx Oy cos 6 sin 6+ aye sin’ 6, 
Oo? 2 eee oO? 2 
a =r? =F sin? —2r? aE a cos 6 sin 6+ r? oF cos? 
cll rg pane al in 0 
Ox oy aw 
ee ge OS ety Oe 
Ox? Or? 2? +7? Or 00 (27 + y2)? 00? (a? + y?)? 
Cig Wye Oh ety 
ar (a?+y?)* 00 (a? +y?)? 
a oy vg wy Ye 
oy? arta? ty? ~—r 00 (42 +2)? 0? (x? + y?)? 
of x7 9 of ry 


ar (a? +2)? 0 (a? +y?)? 
In this way we verify the important relation 
ONGC les 31 Of (12) 


dx? Oy? Or? 72 002 | r Or 
34. Euler’s theorem on homogeneous functions. A function f(z, y) 
is said to be homogeneous of the nth degree in x and y if the mul- 
tiplication of x and y each by a factor A multiplies the function by 
x"; if, symbolically, f(xx, dy) = A*f(@, 9). (1) 


Thus z7—32y+4y is homogeneous of the second degree, 


—83 
Vx? + y” is homogeneous of the first degree, and = 


each homogeneous of the zero-th degree. 


y 
»e” are 
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Euler’s theorem in its simplest form is as follows: If f(z, y) is a 
homogeneous function of the nth degree, then 


of of 
Mek See Hit! a 
taty a nf (2) 
To prove this differentiate (1) with respect to \. We have, 
placing u = Ax, v = Ay, and applying (2), § 33, 


0 
oy a mary (8) 


This is true for all values of \. It is therefore true when \ = 1. 
Substituting \ = 1 in (8) gives (2), which was to be proved. 
Differentiate (3) again with respect to \. We have 


0 ON m 
a—+y—) f=nn— Ir’, 
ou Ov 
: 0 On 
and, placing \=1, (ex —+ y =) f=n(n— If. (4) 
Ox oy 
So by successive differentiations we have 
0 Oo \* 
(cP tuZ) sane @—k+ DE ©) 


These results may obviously be obtained for any number of 
variables, so that we have as the general form of Euler’s theorem 


0 Ome : 
(ety sted +e) fam. (n— b+ Uy. (6) 


35. Directional derivative. Let P (Fig. 29) be any point of the 
plane at which f(x, y) is defined and y Tv 
has partial derivatives al and as 

Ox oy 

Draw any curve PS through P, take 
Q any point on PS near to P, and 
let PQ = As, where s is the length of 
the curve. Let Az and Ay be the 
increments of x and y corresponding > 
to As, and let Af be the change in f he 


as (x, y) moves from P to Q. Then Lim 2 is the rate of change 
of f along the curve PS. Also ml Ree 
Atanas | Ay 


} ; dy 
Lim — = — = cosa, Lim — = — 
as+o AS ds 


= sina, 
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where a@ is the angle which PT, the tangent to PS at P, makes 
with a line parallel to OX. But from (2), § 33, 


ce merit 
ds dxds' dyds ox” bye ate iY 
It appears that if the point P is fixed and therefore a and - 


d 
are fixed, the value of ¢ depends on the angle a and not on the 


equation of the curve PS. Hence (1) is called the directional 
derivative of f in the direction a. 

As @ changes, P being fixed, the directional derivative changes. 
Therefore we may write .. 


of Peeps sin a = F(a). 
ox oy ; 
When a = 0 we have FO) = a, 
T UE of 
and when a= > we have r(Z)= ay 
of of 
That is, — An and By re the rates of change of f parallel to OX 


and OY respectively. 
The directional derivative is zero when 


F(a) =F cosat sina =0; 
of 
ox 
that is, when tan a = — ra (2) 
oy 


This determines two values of a, ai and ai+7, differing 
by 180°. Between these two values there must be, by Rolle’s 
theorem, at least one value of a, say a2, for which F(a) has its 
maximum value and 


0 
F’ (a2) = — 2 sin an + 7 008 a = 0; 
of 
whence tan a2 = of (8) 
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An easy substitution from (8) in (1) gives 


F(a2) = J Gan Gar (4) 


From (2) and (3) it follows that 
tan a tan a2 = — iL. 
and therefore the directions a; and qa are at right angles to each 
other. 

We may interpret these results geometrically still further. Let 
us imagine that we have marked on the plane of (x, y) those points 
for which f(z, y) has a constant value c. By connecting such 
points we have a plot of the equation 


f(x, y) =e 
which will be in general a continuous curve. 
Let the same thing be done for the equations 
ES y) =s (ox F(a, y) = C3. 

The plane is then covered with a set of curves called contour lines, 
along any one of which f(x, y) has a constant value. Thus, for 
f(a, y) = x? + y* the contour lines are concentric circles x? + y? =, 
and for f(x, y) = zy the contour lines are the equilateral hyperbolas 
xy =c. The expression “contour lines’ is borrowed from a topo- 
graphical map, where such lines give the projections on the plane 
of the map of points at which the height 
above sea level is constant. Along a con- 
tour line the rate of change of f is zero. 
Hence the angle a, determined by (2) gives 
the direction of the contour line. 

Suppose now we take two contour lines, 
and let the difference between the values 
of f on the two lines be Af. Draw a curve 
PN (Fig. 30) perpendicular to both lines and any curve PS mak- 
ing an angle ¢ = SPN with PN. Let PN = An and let PS = As. 


Then, by § 18, An = Ascos¢+ ¢, 


where € is an infinitesimal of higher order than As. Now Af is 
the same, whether taken along PN or PS. Hence 


Af Af 
As An coe Pag £1? 
and in the limit ee cos d. (5) 
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af df 


This shows that — < —, and therefore of is the maximum rate 
ds dn dn 
of change of f at the point P. Therefore the direction of PN is 


the angle a2 given in (8). 


As special cases of (5) o = a COS a, (6) 
ee nee 
ay Fan sin @, (7) 
- 
and therefore ( ay a By ae (8) 


d 

which agrees with (4). The quantity oj is called the gradient of f. 
To sum up: 

The gradient of a function of x and y is the maximum rate of 
change of the function at a point. It takes place in a direction normal 
2 2 
to a contour line and is equal to (2) a (2) . 
ox oY 


The extension to a function of three variables f(x, y, z) is obvi- 
ous. We construct in space the contour surfaces 
f (2; Yy; ra) = ¢, 
along each of which fis constant. We may use Fig. 30, interpreting 
PN and PS as drawn between two such surfaces, PN being normal 
to both. Then, as before, df df 


ds dn“ Sy 
: af , : hes 
showing that — is the maximum rate of change. Special cases 
dn 

Bec dn” 

Cheney. 

sail, SN 10 

aan cos 8, (10) 

of df 

dz dn 


where a, 8, y are the angles made by PN with the axes of «, y, 
and z respectively. Then 


(i) +) +) (Ge) 


s * 
since cos? a + cos? B + cos? y = 1. 


* The student to whom this relation is not familiar will find a demonstration in § 45. 
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The gradient of a function of three variables is the maximum rate 
of change of the function at a point. It takes place in a direction 
perpendicular to the contour surfaces and 1s equal to 


ON (Die ae 
NCZY+ (BY+ (By 
36. The first differential. Considering a function of two vari- 


ables f(z, y), let x take an increment Az = h and y an increment 
Ay =k. Then f takes an increment Af, where 


of of 
Ox 


as has been shown in § 38. 

The third term here is in general an infinitesimal of lower 
order than the first term, and the fourth term is in general of 
lower order than the second, but there is no means of comparing 
Ax and Ay as infinitesimals. 

However, we shall take the first two terms of (1) and call them 
the differential of f, writing 


df = a+ Fy. 


Af = — Az +a fae + €, Ax + €2 Ay, (1) 


(2) 


We now complete the definition of df by saying that if x and y 
are independent variables, 


dx = Az, dy = Ay. (3) 
Then (2) takes the form 
0 
dp = ae + Fy (4) 


Expression (4) is called the total differential of f(x, y). 

The methods and results of this section may obviously be ex- 
tended to functions of any number of variables. For example, 
for f(x, y, 2) a a 

i= Fact 2 dy + 2 ae (5) 


This definition has been aid upon the assumption that x 
and y are independent variables. We need to examine the cases 
in which this is not true. 

Ye consider first the case in which 


t= di(t), = p2(t), 
so that f(x, y) = Fd). 
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Here ¢ is the independent variable. Hence, by § 14, 
dt= At, dx=¢yi'(t)dt, dy=¢o'(t)dt, dF=F'(t)dt. (6) 
0 
But, by (2), §38, PO = bi’ +2 ds", 


Multiplying through by dt and been (6), we have 
dF =df= 2 dx ae Lay 


which is the same form as eae 

Again, let us suppose that x and y are functions of three inde- 
pendent variables u, v, w. Then f is a function of these same 
variables. From (5), since, v, and w are independent, 


ae (7) 
oy 
dy = SH du +H ao + Ha (8) 
Om Ok Sie Of 
a= a du uta dv ar a (9) 
Ue rome aes ee es Ou 


Ou ox Ou oy ow’ 
Of De0f, 0x - OF oy 


Ov Ox ov oy ov’ 

Of _ of ox , Of oy 

Ow oxdw Ody dw 
Substituting in ae we ee 


(du tem += = dw) + (eau +H av + SH dw); 


whence, by (7) and (8), df= Din of ye 


df = 


again the same result as before. 
It is clear that the results obtained are independent of the 
number of variables involved, and we have the following theorem : 


I. The differential of a function f(x, y, z, +++) 1s always 


of of of 


ag et a, Gel toe ate 


whether x, Y, 2, °° + are em mera or not. 


80 PARTIAL DIFFERENTIATION 


We shall next prove the following theorem : 
II. If f(x, y, %, +--+) =, where c ts a constant, then df = 0. 


The relation f(x, y, 2, -- +) = ¢ cannot exist when 2, y, z,--- are 
independent variables unless it is an identity. We will therefore 
suppose that 2, y, z,--- are functions of independent variables 
u, v, w,--+. By substitution f becomes a function of u, v, w, -- -, 
which is necessarily an identity, and, by I, 


Bt Te ee 


But since u, v, w,--- are independent variables, wu may be 
changed without changing any of the others or the value of f. 
Therefore fy aoe 


f(u + Au, », w,+--) =, 
and f(ut+ Au, v, w,---) —f(u, v, w,---) =0; 
of : f(u+ Au, v, W ’ -)—f(u, v, WwW, “) 
uy ot eae Ua ied al ey SP 


Au 0 Au 


7) 0 
In a similar manner a 0, ee ee 


ov Ow 
and hence df = 0. Therefore, by I, 


p= Fae 2 dy + Bde + == 0); 
It is important that the student should understand just what 
is meant. Consider, for example, 


f(z, y, 2) = 2? +4? +2? =a? 
which defines a sphere in space. Here z, y, and z cannot be inde- 
pendent variables, and evidently 


Cian of = Cian 
On = 20 0; By ise), Baca: 

But x, y, z can be expressed in terms of two independent vari- 
ables wu and v, where 


whence — i 


x=acosusinv, y=asinusiny, z=acosv. 


Then 
F(x, y, 2) = (a cos u sin v)? + (asin wu sin v)? + (a cos v)? = a 
is an identity, and A = 0, of = 
ou ov 
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Hence a du.+ - a dv = 0 
for all values of du and dv, and 
A de + Fay + Faz =0 


for all values of dz, dy, dz which are consistent with the given 
equation. 


III, If by any means we have found that 


f= X, dx + Xod%2+---+ X, dz, 


then X;= an,” where the partial derivative is to be taken under the 
Li ie 


assumption that all variables except x; are constant. 


The proof is simple. If all variables except x; are constant, all 
differentials dx, =0 except for k=7, and the above equation 


becomes df = X;dx;; 
af Of 
whence xX;= 7 oe 


It does not follow, however, that any expression such as 
X dx, + Xodt2+---+X,dz, 
which may be written down is equal to the differential of some 
function. In this connection we will prove the following theorem : 
IV. The necessary and sufficient condition that an expression 
M dx + N dy, 


where M and N are functions of x and y, should be the exact differ- 
ential of some function f(x, y) 18 that M and N should satisfy the 


equation OM ON 


oy Oe A 
Suppose, first, that M dx + N dy is an exact differential, so that 
we have df= Mdz+Ndy. 
of me. 
Then M= ant Ne by’ 
am __0%f _ aN 
ag Oy  Oxody Ox 


so that condition (10) is necessary. 
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Again, let us assume that (10) is satisfied and we wish to show 
that a function f(z, y) may be found so that 


ai of 


=— ye Ne 
Peak ace ey 
To do this we may first integrate M dx, regard y as constant, 
and have 
fu dr = Oz, y). 
We now write f(x,y) = ¢(z, y) + Vy), (11) 


where y¥(y) is a function of y only, and we shall show that it is pos- 
sible to determine y so that f is the function required. From (11), 


Of Wis 
which must equal N. a¢ 
Hence V(y=N- By (12) 


This equation will be absurd unless the right side is free of z, 
since the left side is free of x by hypothesis. The condition for 
this is that the partial derivative with respect to x should be zero; 


hat is, that 
rae se Ree RE sal fel 
Ox Oxdy odylox oy 
which is exactly (10). Then (12) will determine y(y) and 
(11) will determine f. Hence the condition (10) is sufficient. 
Extending this to three variables, we have the theorem: 
V. The necessary and sufficient condition that 
Pdx+Qdy+ R dz 
should be an exact differential is that P, Q, and R satisfy the equations 
dy Ou’ Oz dy ox Oz ) 
In the first place, if 
Pdx+Qdy+Rdz=fdf, 
of of Of . 
Ox ne oy es Oz’ 
whence equations (13) immediately follow. 


then P= 
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Again, let the conditions (18) be satisfied. Then, by theorem IV, 
P dx + Q dy = d¢, 


where ¢ is a function of z, y, z and z is to be regarded as constant. 
We form the function 


F(x, y, 2) = b(2, y, 2) + (2) (14) 
and shall show that y can be determined so that f is the required 


function. From (14), A =P) al = Q, and we must have 
Ox oy 
BOG. i, 
oz TL Ay = y es R, 
so that W/(z) =R—- a (15) 


This equation is a contradiction unless 


on aR _ 0 (06)_ OR OP, 
Ox Oxdz ox o2z\0x or 02.” 
onto em (26) am_ 30, 
Oy oydoz Ody dz\oy et ae 


But these are just the conditions (18). Hence (15) determines 
yv(z) and (14) gives the required f. 

It is to be noticed that it is possible to have in applied mathe- 
matics expressions of the type 


dw= M du+N d, 


expressing relations between infinitesimal increments dw, du, and dv, 
where M and N do not satisfy the condition (10). Then wis nota 
function of u and 2, the partial derivatives of which are M and N. 
For example, if H is the heat, U the energy, p the pressure, and v 
the volume of a gas, a small amount of heat dH added to the gas 
causes an increase dU in the energy and does an amount of work 
p dv in expanding the gas, and we have 


dH=dU+ pd. 


The right-hand side of this equation does not satisfy (10), since 
p is not constant. Therefore H is not a function of v and U in the 
sense that it is determined when v and U are given. In fact, the 
amount of heat in a gas depends not merely on its present state 
but on the manner in which that state has been reached. 
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Again, suppose a force with components X and Y applied toa 
particle. Denote by dW the infinitesimal amount of work done 
by displacing the particle from (z, y) to (x+dz, y+dy). It is 
easily shown that Weenie ae 


but it does not follow that W is a function of x and y. In fact, 
that this may be so it is necessary and sufficient that the force 
should be such that ax @Y 


oy On 


These equations are satisfied by many of the common forces. 
Such forces are called conservative. But other forces, of which 
friction is an example, do not satisfy the condition. 

These statements do not contradict theorem III, since it is 
there assumed that f is a function known to exist. 

37. Higher differentials. We have 


ah ie oT ae + oy (1) 
whence d(df) = a(o Dae + 2 +— of da + ‘2 ay + A ty. (2) 

From (1), replacing f by io or ie we have 

92 92 
(je) ~ at bey 
i) = aL do + Fy 
Substituting these values in (2), we have 

se oS ae? 42220 de dy +55 oad ay + ae + a ah (3) 


Equation (3) does not define an and d’y. If x and y are func- 
tions of other variables, say r and s, then an equation similar to 
(3) would give d?x and d?y but leave d?r and d?s undetermined. 
It is therefore necessary to define the differentials of the inde- 
pendent variables, which we shall do as in § 15; namely, 


All differentials of the independent variables pate than the ae 
are taken. as zero. 
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Hence in (3), if e and y are independent variables, the last two 
terms disappear; but if x and y are functions of other variables, 
these terms must be retained. 

Expressions for d"f (n>2) are readily formed in the same way. 

38. Taylor’s series. We wish to extend the results of §7 to 
f(a, y) under the assumption that at (a, b) the function f(x, y) is 
continuous and has continuous partial derivatives. Let us place 

x=a+ht, y=b-+ kt, 
where a, b, h, and k are constant and ¢ is a variable. Then 
f(a, y) = fla + ht, b+ kt) = F(O. (1) 
Then, by Maclaurin’s theorem, 
t n 
fe, y) = FO) + FOLA FO) S++ POO +R. ©) 


By (2) and (5) of § 33 we have 


of of ( 0 0 
F’'(t) =h— —— — — 
o*f o7f of a a \2 
" ae HR 2 = 
AG ae pplae Ory oy” (ners) 


where the meaning of the symbols on the right of these equations 
is obvious. Similarly, 


o7f af o°f o7f 
my hs 4 | aa ie 2 Sie ewes 
PV) =H + 8 Wha + Bh ot 
i (x ey a 
Ox oy as 
C (n) = was peas 
So, in general, F(t) = ( nA +k =) ip (3) 


This may be proved by showing by direct differentiation that 
if (3) is true for any value n= k, it is true forn=k-+1. Then, 
since (3) is certainly true for n = 3, it is always true. 


0 ON 
(n) — ais pees 
Therefore Fe (0) (i An +k ale ; 


where the subscript indicates that the values t = 0, orr =a, y=), 
are to be substituted after differentiating. 
Substituting in (2), we may write 


Bf f) y) Ly gc ay 
FO = FO) + (MA + Me) I+: $a (uo 4k - ) f+ RB. 
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This is true for all values of t. Place t=1. Then, from (1) and 
the last result, we have 


0 
fle, v) =fla-+h, b+) =S(a, b) + (hz 2 +E) s 


a 0 ). 
ae —+k— R. (4 
(ro teZ) spt S (WE Hee) 74K. 
This result may be written in another form by placing h = x — a, 
k=y-—b. 
It is easy to show from § 7 that 


1 F) ae 
= ——(h—+k — i 5 
aon hase (5) 


where the subscripts indicate that we are to substitute x = &, y= 7 
wherea <E<ath,b<n<b+k. 
In a similar manner we may show that 


f(y, 2 =fath, b+k, e+0) 
ma b (ee ko te \ite (6) 
= f(a; ’ c) = aa oy 02/5 . 


We have seen that a given function f(x, y) may be expanded 
into a Taylor’s series with remainder R. If all the deriva- 
tives of f(x, y) exist for a given point (x, y) and if R—0O as 
m increases without limit, the series becomes an infinite series 
representing f(x, y). 

Conversely, a series 


Ap + ax + aey + asx” + ayzy +azy?+--- (7) 


defines a function f(x, y) for all values of x and y for which it 
converges. The definitions of convergence and absolute con- 
vergence as given in § 20 stand. It is not difficult to show by 
methods analogous to those in § 20 that if (1) converges for 
L=21, y= yi, it converges absolutely for any value of x, y such 
that —R <2 <R,—S <y<S. The region of convergence is 
then a rectangle in the (x, y) plane such that for any point within 
it—R<x<R,—S <y<S. It is also possible to show that 
the series converges uniformly inside any rectangle which lies in 
the region of convergence and hence defines a continuous func- 
tion of x and y. Also, the partial derivatives of f(z, y) may be 
obtained by differentiating the series term by term. 
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Hence ao = f(0, 0), ay = (-*), a2 = (F)) 


i =3(4) ‘ =3(<2) =; (4) 
2 ext) ~*~ 2\ dx ay? “~ 2\ ay?) 


The idea of a dominant function (§ 28) may also be applied to 
a function of two or more variables. Thus the function 


p(x, y) = Aoo + Aiot + Aory +--+ + Ajpaty®+--- (8) 
dominates the function 
F(x, Y) = Goo + aot + any +--+ +ajyxty*+--- (9) 
if (8) is a convergent series in which A;; is positive and 
Aix >|]. 


If (9) is known to converge for x = r, y= p, where r and p are 
positive, a dominant function is easily found. There is then a 
number M so that lasz|rip® < M. (10) 


We place ¢(z, y) = 2-8 =m (=)(¥). (11) 


M 
By (10), | Qix| Biot 


so that (11) dominates (9). 
Another dominant function may be found by placing 


$(2, ¥) = 
NS aa 
“Ee 
Tip 
2x 
-utmu(2+4)+--4m(7 
Tap r 
The term containing x‘y” in (12) will be found in the expansion 
of u(2+4) , wheren=72+k. Itis 
c 


; fics as Ce et) (2) (4, 


+4 4e. aR) 


k! r p 
and therefore, in the notation of (8), 
n(n—1)---(n—k+1) 
Ay = M aeaea il ripk 2 (18) 
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Now the binomial coefficient which occurs in (13) is always 
greater than unity, so that 


Ae ten 
r'p 
whence, by (10), Ain >|aix| 
and (18) dominates (9). 
EXERCISES 


Find the first and second partial derivatives of these functions: 
1Y gad 
3 


2 2 


: 4. e¥sin-!(x4 — y). 
LI) 


1. log (x? + y?). 2. tan 


0 fcn of 
Ox oy Oy Ox 


x ; ; 
5. eh, 62108 Ves yj. 872 sin-?4. 8, e sin y. 
x 


ip == 
sin (x? + y”), prove that y Le x = ai 
Ox oy 


: of. of 


10. If f = y* + 2 ye”, prove that 0 5 — ha y nae eee 
y 


Pi lfef aN ye sin ® =» prove that x at AE = if 
Ox oy 
oO? 
12. If f = log (x? + y?) + tant =, prove that ae oh +— ay ce =. 


CoV) Fl OV ee ee 

13. If V = e** cos (a log r), prove that a 
gr),p At aan ke 0. 
orf 
Ox? Oy? 


for the following functions: 


Verify ——— 


1 
Oli 
ip xr? de y? 


14. If f=tan (y+ ax) + (y— ax)?, prove that — 


y Oz Cz 
iM, Ibe eS ro that — — 
s(4)p ve ae ves 0. 


16. If z=f(xy), prove that oe —y— Le ==a()s 
x 


oy 
7. i gay? +242 + log u)} prove that @=2y— 2%. 
y 


18. ite = 26(4)+ v( ) prove that wet io, Cy on a poe oO 


Ox? Ox oy oy? 
19. If z= d(@ + ty) + W(x — ty), prove that —— oe + Oe =i(I) 
d*u hee 


20. If u= f(x, y) and y = F(z), find re 
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21. If 2 = f(x, y) and x =e", y = e”, prove that 
022 C2 2 2 
10% nO, Oe, de Oe, Oe 
Oy Ou? Oy? 
22. If z=f(x, y) and x =e" cosv, y = e“ sin v, prove that 
072 (= - 0? ) 07z Oz Oz 
—ae — -— —— . 
Ou Ov : Ox? = Oy? Bee 29 x Oy me Ox id oy 
23. li a= e¢ secu, y—e° tan wu, and @ = mee y), prove that 
eo os) _ (cs ig) Ck) 
cos u _-— 
(-s ry aks Airenarre Fa) Say 
24. If V is a function of x and y, and r+y=2e’cosd,x—y 
=2ie’ sing (¢= V—1), prove that 
0?V i 0°V 0’V 
—— ———_- —_ eG: eo 
00> | Ob? | dx by 


25. Given x = e”“ cosv, y = e” sin», find : 
tives of V with respect to x and y. 
26. Given x = e” cos 2, y = e” sin 2, prove that 
2 
OV (pV. oe ax(2¥ F BA 
Ox? oy? Ou? ~—s- Ov? 


Ve : 
> in terms of the deriva- 


: Ss u— On Van 40 Von. ty 07 Vi 
27. Given x=u+2, y = —— ; uo", prove that a cn ara Du Oe 
28. Given x =r cosh 0, y =r sinh 6, prove that 
av ov _av_1 av, 1aV, 
Oy) 0g" ior? = Fr? 067 reer 
29. If x =f(u, v) and y = (u, v) are two functions which satisfy the 
equations of Zz of. ao 
ou Ov. a Out 


and V is any function of x and y, ae that 
OV OV, 0°V ay (2) 
ou? an Ov? =(Se+5 a Oy? N(Z uy Ov 


5? find the contour lines and the direction and magni- 


30. Ifu = 2 


tude of the gradient. 

31. If an electric potential V is given by V = log Va? + y’, find the 
direction and magnitude of the maximum rate of change of V. 

32. Find the direction and magnitude of the gradient of a potential 


V(e—a)?+y? 


= 10%; 
(x+a)?+y? 


at the point (0, a). 
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33. Find the direction and magnitude of the gradient of 
u=e-"sinx+ ; e-8” sin 3 x at the point (=. 0): 


34. Show that in polar codrdinates the rate of change of a function f 


12a 
along a radius vector is ce and normal to a vector it is — oes 
r 


r 00 


35. Show that in polar codrdinates the directional derivative is 


Bp 008 y+- .o sin y, where y is the angle made by the direction con- 


ee with the radius from the origin. 
36. Show that in polar codrdinates the gradient is 


ae ure Sar 


37. Show that the sum of the squares of the directional derivative in 
any two mutually perpendicular directions is constant and equal to the 
square of the gradient. 

38. If y = $(z) is any curve, show that the directional derivative along 
this curve is Oh Ue 

ee wa gp 
a 
Vi--F -act 

Show that the following differentials are exact, and find the function 
of which each is the differential : 

39. (2x—-y+1)de+ (2y—2x-—1)dy. 
1+y? 1+ 2? 

as a2 


el 


40. 


y dy. 


ap Oke y 
41. ———— —-1+——— )dy. 
ay +7) is 
2x¢2- v 
at 4 de + eee dy. 
43. (z2y? — 27) dx + (x22? + 27)y dy + (x?y? — x? + y? — 1)z dz. 
44. (ytz2—b—c)dx+ @+x—c—a)dy+ (x +y—a-—b)dz. 
45. yte2@etyt+zjdx+ @+x)(2y+z2+ x)dy 
+(ex+y)\(2e+a4+ y)dz. 


46. (-4)ax+ (-- = ay + (=- tae. 
yx? 2 4? 2? 


47. Show that a force directed toward the origin and inversely pro- 
portional to the square of the distance from the origin is conservative. 

48. Show that a force directed toward a center and equal to any func- 
tion of the distance from the center is conservative. 


CHAPTER IV 


IMPLICIT FUNCTIONS 


39. One equation, two variables. We are accustomed to say, 
somewhat roughly, that an equation 


F(z, y) =0 (1) 
defines y as an implicit function of x and is equivalent to the 
equation . y = f(x) 


We shall proceed to inquire just what this means, to examine 
the hypothesis underlying the statement, and to put the state- 
ment in a more scientific form. 

In the most elementary cases equation (1) can be solved to 
obtain y. For example, 

Y Pp x? ae y _— a = (0 


gives y= Na? — x?; 


but a little reflection shows that as soon as equation (1) becomes 
complicated such an elementary solution is impossible. We need 
to show, then, that y in (1) satisfies the definition of a function in 
the sense that a value of x assumed in (1) determines a value of y. 
This statement, however, is by no means self-evident. We shall 
proceed to prove it in the case in which the solution may be 
expressed as a power series. We shall assume that equation (1) 
may be satisfied by x = 20, y = yo, and that 


Without loss of generality we may take xo = 0, yo = 0, as this 
amounts merely to.a change of codrdinates. We also assume 
that f(z, y) may be expanded into a series, so that we may put 

f(x, y) = bior + bory + b20x? + bury + bosy? +--+, as 
where the term doo is omitted since, by per iC 
Equation (1) becomes 


bio + boy + box? + buzy + boxy? +---=0. (3) 
91 
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Now bo. = (=) : and since, by hypothesis, this is not zero, we 
Y/0 


may divide through by it and, after transposition, have, from (3), 


y = aor + aor? + anzy + doy? +: --. (4) 
This means that we have transformed equation (1) into the form 
y= F(a, y), 


where F(x, y) is defined by the series in (4). 
In (4) let us substitute the series with undetermined coefficients 
y= cx + coe”? + e323 +--+, (5) 
By equating coefficients of like powers of x in the result the 
coefficients c; are easily determined. For the first three we have 
C1 = a0, 
C2 = A20 + aici + Ao2¢1”, 
€3 = 30 + A2ie1 + A121” + dozer? + aiic2 + 2 doziCe. 
The series (5) then formally satisfies the equation. It remains 
to prove that (5) converges for sufficiently small values of x. 


The series (4) is, by hypothesis, convergent. Then, with the 


notation of § 38, the function 
My 


ES! 


dominates F(x, y). That is, (x, y) may be expanded into a series 
with positive coefficients 


o(x, y) = Aor + Aoox? + Ary + Aosy” eee (6) 
where Aix > | dig]. (7) 
If we solve the equation y= (2, y) (8) 
by a series expansion y = Cie + Cor? +.-.-- (9) 


in the same manner in which we have solved (1), the coefficients 
C, are obtained from (6) by the same formulas by which the coeffi- 
cients of c; in (5) are obtained from (4), and it is evident, therefore, 


that Oe = |c;|. 


Hence the series (5) converges if (9) does. But the series (9) 
may be obtained by solving (8) as a quadratic equation in y and 
expanding the result by the binomial theorem. The resulting 
series is known to converge for sufficiently small values of x and 
can be no other than (9). Hence the series (5) converges. 
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The existence of the function y of x having thus been proved, 
its derivatives may be found by use of the theorems of § 36. For 
we have by that section 


Mel a. 
ee eat 0 > (10) 
al 
dy Ox 
cad Fe capo flat 
whence i af (11) 
oy 


Higher derivatives may be found by differentiating (11), or if 
we divide (10) by dx and denote ot y’, we have 


Then differentiating successively with respect to x and placing 
y= zy, TA at, ---+, etc., we have the equations 
os 2 a Wee - uP i v0, 
ce +8 sth y +3 — als ms y's +3 a y'y" 
2 A 
+e te" = 0. 


tt 


In this way we may find the derivatives y’, y’’, y’’”’, etc., pro- 
vided the partial derivatives of f(x, y) exist, since in all cases the 
coefficient of each of the derivatives y’, y’’, y’’”’ in the equation in 


which it first appears is & which has been assumed not to van- 


ish. In this way we may write down series (4) without following 
the method of the text. 
40. One equation, more than two variables. The equation 


f(z, y, 2) =0 (1) 
_ defines any one of the variables, say z, as a function of the other 
two, x and y; namely, yea ty (2) 
0 
provided af # 0. 


Oz 
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Proof of this statement and its exact formulation are similar to 
those of § 39 and will not be repeated. 
If we apply theorems I and II, § 36, we have 


f= Fa Fy + 2 de=0. (8) 
If in (3) we place y = constant, then dy = 0, and we have 
of 
dz Ox 
a |e es 4 
(a) of 4) 
Oz ; 
where the symbol on the left is used as less ambiguous than wi, 


Ox 
since the variable which is held constant in the differentiation is 
explicitly given as a subscript. 

Similarly, by placing x = constant, dz = 0, we have 


of 


Oe 6 


oy 


of 


dx oy 
G)= ~ of 6) 
Ox 
From (4), (5), and (6) we get the interesting relation 


(ey a)lae)=—3 
dx /jy\dy/,\dz ‘ 
which is sometimes written Nees 

2 On Oy 

Ox Oy Oz @ 

Equation (7) is an example of the fact that the student should 

not use 0z, Ox, etc. as symbols for differentials which may be ~ 
canceled. To do this in (7) leads to an absurd result. The less 
ambiguous equation (6) would hardly lend itself to this false 
cancellation. 
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The equation f(x, y, ZU, v,---)=0 (8) 


defines any one of the variables as a function of the others, pro- 
vided the derivative of f with respect to the variable chosen 
does not vanish. The usual hypothesis as to continuity must be 
made, and the proof of the theorem is analogous to that given 
in § 89. 

From (8) we have 


fz da + fydy+f.dz+f.du+f,dv+---=0. (9) 


In (9) we may place all differentials except any two equal to 
zero. For example, let dy + 0 and du + 0, but all others be equal 
to zero. 


Then fy dy +f. du=0; 
Oy Su 
whence Wee ra 


; tom % 0 
where all variables except the two occurring in the symbol - are 
held constant. se 

41. Two equations, four variables. Two equations 


Rey yu, 0) =, (1) 

GO, 4, 4, 0). — 0, (2) 
define wu and v as functions of x and y, provided 

FUGy — FG, = 0. (3) 


This statement assumes that there is a set of values (xo, Yo, Uo, Vo) 
which satisfy equations (1) and (2) in the neighborhood of which 
F and G are continuous with continuous first derivatives and for 
which the condition (3) is satisfied. Then uw and »v are defined as 
functions of x and y in the neighborhood of (Zo, yo, wo, Vo). 

To prove this consider equation (1). By virtue of (8), Fu 
and F, cannot both be zero. Let us for definiteness assume that 
F,+#0. Then, by § 39, (1) defines v as a function of (2, y, u); 


pamelys v= $(z, y, W). (4) 

From (1), F,dz+ F,dy+ F,du-+ F,dv=0, (5) 
(=) Beli 
whence yh Smet 
o FS 

itis: = a> (6) 
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Substitute from (4) in (2). Then G becomes a function of 2, y, 
and u, so that Gi, y, u, 0) = HG, y, u) =0, (7) 
which by § 39 defines uw as a function of « and yif H,#0. But 


dH = dG =G,dr+G,dy+ G,du+ G, dv 
=G,dx+G,dy+ G, du + G,(oz dx + py dy + gy du) 
= (G, + Gobx)dx + (Gy + Grdby)dy + (Gi + Grdu)du ; 


whence, by theorem III, § 36, 


Ay, a Gy = Gydu = F, 2 

the last reduction being made by (6). Hence the condition that 
H,, # 0 is the condition (3). 

This condition being fulfilled, (7) defines uw as a function of x 
and y, and then (4) gives v as a function of x and y, and the 
statement is proved. 

The statement having been proved, the partial derivatives of 
u and v are best found by using the principles of § 36, as follows: 
From (1) and (2), by I, § 36, 


F,dx + F,dy + F,du+ F,dv = 0, (9) 
G,dx+G,dy+G, du + G, dv = 0. (10) 


These equations may be solved for du and dv in terms of dz 
and dy, thus: 


dys (F,Gy . FGz)dx + CHG a F.Gy)dy (11) 
Pool aGg 

dy = — PuGe = PeGu)de + FuGy — FyGudy qa 
FG, mre FG, 


It is to be noticed that the denominator in (11) and (12) is 
just the expression which by hypothesis does not vanish. Should 
it vanish, equations (9) and (10) cannot be solved for du and dv. 

The partial derivatives a } mn a, x 
read off as the coefficients of dx and dy in (11) and (12) by use 
of III, § 36. 

A special case of importance occurs when equations (1) and (2) 
tak 

ake the form Seton (13) 


y=Vlu, »), (14) 


ean then be 
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where the connection with a and (2) is shown by placing 
F=2x— $(u, v), G=y—wY(u, v). Then the condition that (1) 
and (2) may be solved for u od v is 


dub» = PWu aa 0. (15) 
From (18) and (14) we form 


dx = $, du + $y do, 
dy =, du+y, dv; 


Yr dx — d, dy 
whence du = ——————_-,, 
: dW» 7 PWu (16) 
duly = Wu 
du\ | YW 
whence we find (*)- TL=eee awe , (17) 


du dv dv 
and similar expressions for . 
dy/s dx/y dy/: 


Now (#) may be written, when no ambiguity is caused, as ey 
¥y ® 


Ox 
_ Ox _ ox _ oy oy 
and $u = = ema Ve ai? Vo om 


The relation (17) shows emphatically that ae is not the 


Dre ox 
reciprocal of —- 
Ou 
42. Three equations, six variables. Consider the equations 
Bigeye Zn, 0, 0) — 0, (1) 
Gen y, cy thy 1, 0) 0, (2) 
(ea 2, 10, 0) = 0. (3) 


By § 40, equation (1) defines w as a function of 2, y, 2, u, v, pro- 
vided F,, + 0, and we have 


F,dx+F,dy+F,dz+F,du+F,dv+F,dw=0. (4) 
If the value of w is substituted in (2) and (3), we have two equa- 


tions which may be treated as in § 41 and solved for w and » in 
terms of x, y, and z, provided the condition of § 41 is satisfied. 


This condition is 


(roe) ett) (oot) n+ foo 
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where oe and au are to be obtained from (4). This gives 


du dv 
G,Hy — GwH, GyHy — GyHw 
Py is ah ele + F, Fy 
G,H, — G,H, 
+ Fy, “> i ee oe AQ, (5) 
or, in determinant form, i 
1 Eee Eee 
ae Gy Gy Gy # 0. (6) 
Fw. Ha Hy be 


We have obtained this result on the hypothesis that F,, 4 0. 
The same result is obtained, as the student may verify, if we 
assume either that F,,#0 or that F,~#0. If all three of the 
derivatives F,,, F,, Fy, are zero, condition (5) is certainly not 
satisfied. Hence we have the result that the original equations 
determine uw, v, and w as functions of x, y, and z, provided (5) 
is satisfied. 

The partial derivatives of wu, v, and w with respect to zx, y, and z 
are most readily found by considering, together with (4), the 
equations 


G, dx + G, dy + G,dz+ G, du+ G,dv+ G, dw =0, (7) 

H,dx+ H,dy+ H,dz+ H,du+ H,dv+ H,dw=0, (8) 
solving (4), (7), and (8) for du, dv, dw, and applying III, § 36. 

A special case of importance occurs when the original equations 


are in the form ie Obey hohe 


y=VU, v, w), (9) 
z= x(u, v, w), 


and our work shows that these may be solved for wu, v, w if 


du dv Ow 
Wu Vy Ww # 0. 
Xu Xv Xw 


43. The general case. If we have m variables connected by p 
equations (n = p), there are in general n — p independent vari- 
ables which may be taken at pleasure. The remaining p variables 
are functions of the others. The derivatives may be found by 
applying to each equation theorems I and II of § 36, solving for 
the differentials of the functions, and applying theorem III of § 36. 
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As noted in the words “‘in general” there may be exceptions to the 
existence of the functions. These exceptions will be characterized 
by the vanishing of certain combinations of derivatives, while at 
the same time the solution for the differentials becomes impossible. 
If n < p the equations will be in general contradictory. 

We shall not take the space to prove these statements. The 
general method of proof is sufficiently evident from the simpler 
cases already handled. 

44, Jacobians. Return to the equations 


x= (u, v), (1) 
= Y(u, v), (2) 

of § 41. » 
The expression duly — DWu ° (3) 


which figures there, is called the Jacobian, or functional deter- 
minant, of x and y with respect to wu and », and is variously 
expressed by the symbols 


(x,y) O(x, y) ou ov Ox Oy Ox oy 


= = =— 4 
(u, 0) (u, 0) | by dy|duav dvou 


We have proved in § 41 the theorem 


I. The necessary and sufficcent condition that equations (1) and (2) 
should be solvable for u and v is that the Jacobian (4) should not vanish. 


We shall now show that if the Jacobian vanishes, there is a func- 
tional relation between x and y. If all the derivatives $y, dy, Wu, Po 
are zero, equations (1) and (2) reduce to the trivial case x = con- 
stant, y= constant. We may therefore assume that at least one 
of them (for definiteness say ¢,) does not vanish. 

Then (1) defines » as a function of x and u, and 


dz = p, du + dy dv; 
Pu 


whence dy = = dx — Py du. (5) 


Then from (2), with » expressed as a function of x and u, 
1 Pu ) 
= o(— a2 — —— du 
Wudy ie OP du v 
= du +— de. (6) 
dy pv 
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By hypothesis the coefficient of du in (6) vanishes. Hence if y 


‘ 7) a 
is expressed as a function of u and 2, ae 0, and y is independent 


of uw and a function of x only. ou 
Conversely, let us assume that in (1) there is a functional 


relation between x and y; namely, 


F(x, y) = 90. (7) 
Then F,dx+ F,dy=0; (8) 
whence (Frdu + Fyu)du + (Feb + FyPv)dv = 0. (9) 


The last equation is true for all values of the independent vari- 
ables wu and v. Hence 
Fibut Fyn = 9, Fig, + Fyn = 0; - (10) 
whence buy "ape dvWu = 0). (11) 
Therefore we have proved the following theorem : 
II. The necessary and sufficient condition that a functional rela- 
O(a, y) 
O(u, v) 


tion should exist between x and y in (1) is that the Jacobian 
should vanish. 
As a simple illustration of these theorems consider the equations 
x=au+bv+e, 
y=futgut+h. 
The functional determinant then becomes ag — bf. Now if 


ag — bf #0, the equations can be solved for uw and v. But if 
ag — bf = 0, the equations cannot be solved. In fact, in this case 


gx — by = cg — bh, 


a functional relation between x and y. 
As a second example, consider 


r=u+v+1, 
y=u?+2u+07?42. 


ey 1 1 
H eA = 
ah 3(24) 2u+20 2u+20| 


and the equations cannot be solved for uw and v. Obviously 
Y= (x _ iL)? aP 2, 
so that there is a functional relation between x and y. 


0, 
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The following property of the Jacobian is important ; namely, 
(24) i(*) = ip 

u,v x, ¥ 


Writing the left-hand member in determinant form and com- 
bining by the law of iE tiais, of Bc mnants, * we have 


(12) 


Cu ou Ov 
bu $o| | Ox Oy] _ be Fe a be Gt ons B 
Wu Yo | Ov Ov oT 
Ox oy Wo “tho Wo “+ V0s 
2. ‘2 
eee Oy = tee 
Sileth crane me 
Ox by 


In a similar manner it may be proved that 


u,v) (x,y u,v 13 
i(¢ ) i( i) i 2 ee 
Again, if we have, as in (9), § 42, 
x= Plu, », w), (14) 
y¥=Yu, v, w), (15) 
= x(u, », w), (16) 
du dy hw 
the determinant ean Ws, (17) 
Xu Xv Xw 


is called the Jacobian of x, y, and z with respect to u, v, and w 
and is expressed by the symbol 


Le Uae 
seaea 
U, v, W 


The results of § 42 may then be expressed by the theorem 


O(x, Y, 2) 
O(u, v, w) ; 


(18) 


III. The necessary and sufficient condition that (14), (15), (16) 
may be solved for u, v, w is that the Jacobian of x, y, and z with 
respect to u, v, and w shall not vanish. 


* Students to whom determinants are unfamiliar may verify this by actual multiplica- 


tion, using simply the definition that | 4 " | is a symbol for the expression a,b) — aby. 
2 
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Suppose now the Jacobian does vanish. If all the derivatives 
bu dv bw vanish, equation (14) reduces to the trivial case 
x= constant. We shall therefore assume that at least one of 
these derivatives does not vanish and shall take ¢, + 0 for defi- 
niteness. Then (14) may be solved for w, and the result be substi- 
tuted in (15) and (16). By the same process which obtained (5), 
§ 42, we see that the Jacobian of y and z with respect to wu and v 
from these equations is l 

ade (Sus Y, =), 

Pw 
which vanishes by hypothesis. Hence, by the earlier part of this 
section, there is a functional relation between y and z. This 
relation obviously may, and usually does, contain x, which in 


this work has been considered merely as a parameter. 
Conversely, let a functional relation 
F(a, y, 2) =0 (19) 
exist between x, y, and z of (14), (15), (16). This relation exists 
for all values of the independent variables w, v, w, and therefore 
the partial derivatives of F with respect to u, v, and w vanish. 
Hence 

0 0 
F, = = + Fy ce +F, 


U, Vv, W 


ie 
Piames 


Erber 
Oz 

aa t Fy st ae nee == 0). 

By a well-known theorem of oe this equation can exist 


when and only when the determinant of the coefficients of F,, F,, 
and F, vanishes. But this determinant is the Jacobian. Hence 


IV. The necessary and sufficient condition that a functional rela- 
tion should exist between x, y, and z is that the Jacobian of x, y, and z 
with respect to u, v, and w should vanish. 


EXERCISES 
rn eae 
Find and a from each of the following equations: 
Ld 
l.i+ yt =a}, 4. log (x? + y?) — tan“! t= 
oy eras 5. cos (« + y) + cos (x — y) = 1. 


8. + ev = ett, 6. et tY = y?, 
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7. If f(x, y) = 0, prove that 
oo (ay o_OF of of , of (2 


d?y_ ax? oy Ox Oy Ox Oy oy? \dx 
dx? (2) 
oy 
Ae! 
Find = from each of the following equations: 
z2 yg? 
oe 10. x? + y? + 22 — 43 = 0. 
9e+tytz=kryz. 11. sin! 2 + log (x? + y? + 27) =0. 
12. If f(x, y, z, u) = 0, prove that 
Ou Ox oy Oz) 
Ox oy Oz au 


where each partial derivative is found on the hypothesis that all vari- 
ables except the two involved are constant. 


13. If f(x, y, z, u) = 0, prove that 
Ou Oe _ 

Ox Ou 
where each partial derivative is found as in Ex. 12. 
14. If f(z, y, z, u) = 0, prove that 
ox oy Oz 
oy Oz Ox 


where each partial derivative is found on the hypothesis that all vari- 
ables except the two involved are constant. 


15. Given that an equation f(v, p, t) = 0 connects the volume, pres- 


’ 


IGN 6 ‘ 
sure, and temperature of a gas, that ap = (3) is the coefficient of 
d : v Pp Bs ‘ 
expansion, and that E; = — (2) is the modulus of elasticity, prove 
t 


that a,E; is equal to the rate of increase of pressure with respect to 
the temperature if the volume is constant. 


16. Given x =r cosh 0, y =r sinh 0, prove that 
dx dr 
(=), Gi 
dy\ _ dr 
(#),= =ey 
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17. Given u = log Vx? + y?, han y, prove that 
i 
(2) (+ (= 
aD y du v dy x du v 
18. If u= d(z, y), v= (a, y), prove that 
(i) ) (= 
dx/,\du/, \dx/,\dv/u 
19. If u= d(2, y), v= (a, y), prove that 
i), (ae). (as), (ae)=° 
dx/, \du dz/,\dv 
20. If f(u, 0) =0,u=le+ my + nz,v=2?+y? +2’, prove that 


(ly — ma) + (ny — ma) = + (le — nz) = = 0. 


y z? 
21. Ii fu) =0juS-.0= ee prove that 
fa 


: Oz 
2x2—+2 = 
pune? haa 
22. If f(x? — y?, y? — 27) = 0, prove that 
i en ey 
ne Ox oy 
23. If f (2-2)=0 prove that 
Tae dz ee 
i tao uae 
24. Given u? + v? + x3 —3y=0, ur+v?+y?+2r7=0, find ($*) 
v/y 


25. Given 2 —ytu—o=ae—ytu—o=b,find(2) . 


x 


26. Show that F(a, y, 2), G(x, y, z) = 0 define x and y as functions of 
z, and prove that 


dx : dy: dz= F,G, — F,G,: F.G, — F,G.: F:Gy — FyG,. 


27. If r= d(u, v), y= Wu, v), z= x(u, v), show that in general 
z= f(x, y) and prove that 


(aes 
dx Vy @ U, v 

28. Given x =r cosh 0, y =r sinh 8, find (2) - (2) in terms of r, 
9 of of. Ox oy 


29. 


30. 


31. 


82. 


33. 


EXERCISES 


Given 2 = s(=—4), show ateeeasy ag = (0h 
y dx” Oy 
pr’) a 
le=s(* +1"), show that 2 + y =o. 
y? 7] oy 


Givenzt+ytutv=a,xr?+y?+u?+v?=b?, find ( 


Given x? + y? + uw? — 0? =0, ry + w= 0, find ( 


d 
Given f(z + y —z, x? —y? +27) =0, find (= 2). 
dx/y 


du 
‘x 


=). 


dx 
u 


is), 
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CHAPTER V. 


APPLICATIONS TO GEOMETRY 


45. Element of arc. From a fixed origin O three axes OX, OY, OZ 
are drawn mutually at right angles determining three mutually 
perpendicular planes. The coordinates (x, y, z) of a point P are 
the three perpendicular distances from these planes to P, a 
distance being positive if measured in Z 
the direction of the corresponding axis 
and negative if measured in the oppo- 
site direction. 

From P (Fig. 31) let lines of infini- 
tesimal lengths dz, dy, dz be drawn 
parallel to the axes, thus determining 
a point Q with codrdinates 

(a + dx, y + dy, z+ dz). 
Let ds be the length of the infini- 
tesimal line PQ. Then we have 
ds? = dx? + dy? + dz’, (1) 
as is readily seen. This defines the element of arc. 

The direction of PQ is determined by the angles it makes with 

dx, dy, dz respectively. Let these angles be a, 6, y respectively. 


It is apparent from the figure that R 
dx dy dz 
cos a= COS i a2 COR ea (2) 7 


These are the direction cosines of PQ. From 
(2) and (1) it follows that 
cos? a + cos”? 8 + cos? y = 1. (8) 
It is obvious that a direction is completely 
fixed by the ratios dz : dy : dz. Pp Fig. 32 
Let two directions PQ and PR (Fig. 32) be determined by 
dx :dy:dz and 6x: dy: 6z respectively, and let @ be the angle 
between them. Then 
dx éx  dydy . dzdz 


COAST aM dS Ri desk 
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(4) 
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This follows from the formula of trigonometry, 
RQ” = PQ’ + PR® —2 PQ- PRoos 8, 
where 
PQ” = ds? = dx? + dy? + dz?, PR” = ds? = 6x? + by? + d2?, 
RQ” = (dx — dx)? + (dy — dy)? + (dz — 62)?. 


From (4) it follows that the necessary and sufficient condition 
that two directions dx: dy:dz and 6x: éy:6z should be orthogo- 


nal is dx dx + dy dy + dz dz = 0. (5) 
Let the point P so vary as to describe a curve defined by the 
equations s=fi), “~y=fell), z= f3(d), (6) 


where ¢ is an independent variable and the functions are con- 
tinuous and differentiable. Let P(x, y, z) (Fig. 33) be a point 
corresponding to a certain value of t, and . 

Q the point obtained by giving to ¢ an 
increment At = dt. The codrdinates of Q 
are then («4 + Az, y+ Ay, z+ Az). 

Draw the chord PQ. The direction of 
this chord is determined by the ratios 
Ax: Ay: Az. Let At—0; then the 
ratios Ax: Ay: Az approach the limiting p 
ratios dx:dy:dz. The straight line PT 
with this direction is the tangent to the 
curve at P by definition, since it is the Fic. 33 
limit line approached by a secant through 
two points on the curve as the two points approach coincidence. 

The point (x + dx, y+ dy, z+ dz) is then a point on the tan- 
gent line; but, except for infinitesimals of higher order than 
dx, dy, and dz, its codrdinates agree with those of @. The expres- 
sion (1) then rigorously defines the length of an infinitesimal 
tangent. However, the length of the curve is to be taken as 


s= [Varta + ae. (7) 


This agrees with the definition of the length of a curve as the 
limit of the sum of the lengths of chords, since Vdx? + dy? + dz? 


differs from VAz? + Ay? + Az?, the length of a chord, by infini- 
tesimals of higher order, and therefore, by § 18, the integral (7) 


is the length of the curve. 
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We may therefore apply our formulas (1), (2), (3), (4) to curves 
and, in Fig. 31, regard PQ either as an infinitesimal are or as a 
tangent line or as a chord. 

46. Straight line. Let the point P in Fig. 31, § 45, traverse a 
straight line. It is evident that the angles a, 6, y are constant. 
We have then as differential equations for a straight line 


d d 

fa Yom Zan, (1) 
ds 

where 1, m, and n are three constants (the direction cosines of the 


line) satisfying the condition 


P+m?+n?=1. (2) 
Integrating (1) we have, as equations of a straight line, 
z=Is+%, Yy=ms+Yy, %t=ns+%. (3) 


Here xo, Yo, 20 are constants of integration and are obviously 
the codrdinates of the point from which s is measured, which may 
be any point of the line. 

From (3) we obtain 

%—%o Y—-Yo *—% 

Se ee ah 4) 
as equations of a line not containing s, but where /, m, n are 
bound by conditions (2). We may, however, replace 1, m, n by 
any three numbers A, B, C such that 

LiPo eae cs oC (5) 

Then (4) becomes 


SSS (6) 


and A, B, C are subject to no conditions. 
Conversely, if (6) is given we may obtain 1:m:n from (5). 
Then, by (2), 


A B Cc 
Eo DEUE|_ OL SEO ase): 2 ESS (7) 
V A24+ B24 C2 V A2+ B24 C2 V A2 + B2+-C2 
From (6) and (5) also 
ag idy de=A Be Geal- m:n. (8) 
That is, the direction of a straight line may be fixed by the ratios 


of any three numbers A:B:C. The direction cosines of the line 
are then found by (7). 
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From (8) of this section and (5), § 45, it follows that the neces- 
sary and sufficient condition that two lines with directions 
Aj: B,:C; and Az: Bz: C2 should be perpendicular is 


A,A2 + BiB2 + CiC2= 0. (9) 
47. Surfaces. Consider the equation 
F(a, Y 2) = 0.1 (1) 


By § 40 this defines one of the variables as a function of the other 
two. The geometric locus of (1) is therefore a two-dimensional 
extent which by definition is a surface, whether the equation is sat- 
isfied by real or by imaginary values of the variables. For example, 
the equation ety+224+1=0 
is said to define a surface, though no point is real. 

If one of the variables is absent from (1) so that, for example, 
it becomes F(z, y) = 0, (2) 
it still defines a two-dimensional extent, since y is a function of 
x, whereas z may vary at pleasure. In fact, if z is placed equal to 
zero, (2) defines a curve in the XOY plane; but as z varies, 
that curve is moved parallel to OZ, and the complete locus of (2) 
is a cylinder. 

Finally, if only one of the variables is present in (1) so that, 
for example, it becomes F(x) = 0, (3) 


it still defines a two-dimensional extent, since y and z may vary 
at pleasure. In fact, (8) defines certain values of x, and the com- 
plete locus of (8) consists of all those points for which x has one 
or another of these values. Evidently these points lie on planes 


parallel to XOY. 
Hence equation (1) always represents a surface. On the sur- 
face (1) draw any curve with equations 


t=filt), y=fe), z=fs(t). (4) 
These values of x, y, z placed in (1) must reduce it to identity 


in t. Hence “- = 0, and therefore 
OF OF OF 
=— — dy+—dz=0, 5 
| is ES rrr a ed (5) 
where dx: dy:dz are subject only to the condition of being the 
direction of some curve on the surface. Otherwise expressed, 
dx: dy: dz is any direction on the surface. 
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OF OF 
Consider any point P on the surface. At that point — Aa a —,and 


ce have definite values and may be used to fix the direction of a 


line PN (Fig. 34). That is, we may construct N 


OF OF OF 


from P directions 6x : dy: 6z= he aur a 


Then, from (5), § 45, the line PN is orthogo- 
nal to all directions on the surface. This 
line is called the normal to the surface, and 
we repeat explicitly that the direction of the 
OF OF .OF 
Ox Oy Oz 

48. Planes. It is obvious that the necessary and sufficient con- 
dition that a surface should be a plane is that the normals at all 
points should be parallel. Hence a surface is a plane when, and 
only when, OF OF ar F : 
oy Pais Pe ee ( ) 


where A, B, C are any constants. 
If we integrate the first equation in (1), we have 


F= Ax-+ $y, 2), 


where ¢ is an unknown function of y and z. Substituting in the 
second equation of (1), we have 


normal to a surface is Fic. 34 


0p 
Cy ve 
whence p= By+yY(z). 
Substituting in the last equation of (1), we have 
oy 
Oz Cc 
whence y=Cz+D, 


where D is a constant. 
Hence the solution of equations (1) is 


F= Azxv+ By+Cz+ D, 
and the surfaces for which (1) holds are 
Ax+ By+Cz+D=0. (2) 
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Conversely, if (2) is given with any value of the coefficients, 
(1) follows. Hence 
The necessary and sufficient condition that a surface should be a 
plane is that its equation should be of the form 
Ax+ By+ Cz+ D=0. 
Then A: B:C fix the direction of any normal to the plane. 


If (a1, yi, 21) are the codrdinates of a point on a plane, they will 
satisfy (2). Subtracting the resulting equation from (2), we have 
A(z — 21) + By — m1) + C@— 21) =0 (3) 
as the equation of a plane through a fixed point perpendicular to 
a fixed direction or to a fixed straight line. 
By (6), § 46, the equations of the normal to (2) through the 
point (2, y1, 21) are 
see YY. (4 7A) 


Se (4) 


Applying this to the surface (1), § 47, we define the tangent 
plane to the surface at a point as the plane perpendicular to the 
normal to the surface at the point. Its equation is, therefore, by (8), 


(S)e-m+(F =) nw) +(F)e-a=0; © 


and the equations of the normal are 
T—-%M YY Cw (6) 


(i). Ga), Gh 


OF 
where (=) ete. represent the value of — ete. when x= 1%, 
ox.) Ox 
Y¥="7n, 2= wie 


A plane is determined by three points not in the same straight 
line. Let (x1, yi, 21), (%2, Y2, 22), and (x3, ys, 23) be three such 


points. 
Since the plane passes through (a, yi, 21), its equation must be 
of the form 4 (¢ — 2) + By—m) + C@—%) = 0. (7) 


But the points (x2, yz, 22) and (#3, ys, 23) must also lie on the 
plane. Hence A, B, C in (7) must satisfy the equations 
A(x2 — #1) + Bly2— y1) + C(@2 — a) = 9, (8) 
A(a3 — %1) + Blys — #1) + C@s — zi) = 9. 
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If the ratios A: B:C are found from (8) and substituted in (7), 
the result is the equation of a plane through three points. In 
determinant notation the result is 

Ay —— Abi | arp (iv 4; \ 
t2—-% Yoa—-Yi %—-a|=0. (9) 
ike PRS Cy PS 

49. Behavior of a surface near a point. If the equation (1) of § 47 
contains z, it may be put in the form 

z=f(2, y), (1) 
and obviously any surface may be so expressed by proper choice 
of the z-axis. For convenience we shall use the common notation 
by which _ dz ae az ni Of a Of 2) 

Pox’ 1 Oy | Ou? ~~ Oz dy Oy?” 

The direction of the normal to (1) is, by § 47, p:¢:—1. The 

equation of the tangent plane at (a, b, c) is 
z—c=p(x—a)+q(y—)), (3) 
and the equations of the normal line are 


ne (4) 


where in (3) and (4) p and q are to be computed for the point 
Gh, Oy 

We expand the function f(x, y) in the neighborhood of z= a, 
y = b by Taylor’s theorem and have, since c = f(a, 6), 


z2=c+ p(x—a) + q(y— b) + a[r(@ — a)? 
+ 2 s(x — a)(y — b) + t(y — b)7) + R. (5) 


The right-hand member gives the distance from the plane XOY 
to the surface; call it z2. On the other hand, the value of z in 
(3) gives the distance from XOY to the tangent plane; call it z. 
Then 22 — 2 is the distance between the surface and its tangent 
plane, and 


2 — % = 3[r(@—a)?+2s(e—a)(y—b) +t(y—b)7]4+ R. (6) 
We shall study the sign of the expression (6); for if it is always 
of the same sign, the surface is on the same side of the tangent 


plane, and if its sign changes, the surface is sometimes on one 
side of the plane and sometimes on the other side. 
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On the XOY plane draw a circle (Fig. 35) with M(a, b) as a 
center. Take P any point inside the circle. Let p be the distance 
MP and let 6 be the angle made by MP 
with MX’ parallel to OX. Then 


x—a=pcos8, 
y—b=psin 6. 
In fact, (p, 0) are polar codrdinates 


with the origin M. Substituting in (6), 
we have Fig. 35 


3 
za —%=4 p*[r cos*6 + 2s cos@ sin6 + t sin?6]+% R’, (7) 


since R is cubic in x — a and y — b. 
The coefficient of p” is zero when @ satisfies the equation 


rcos*@+ 2s cos @sin@+¢tsin?70=0; (8) 
re iN 52 
that is, when tan 6 = peer She Ty (9) 


t 


CasE I. rt —s? > 0. The values of tan @ in (9) are imaginary. 
Therefore (8) has no real roots, and the coefficient of p? in (7) 
has always the same sign; namely, the sign of r or of ¢ (r and 1 
have the same sign, since rt > s”). It follows that within the 
circle we have drawn there is some finite quantity m such that 


|r cos?@+2ssin 6cos6+tsin?6| > m. 


Within the same circle, R’, in formula (7), must be finite from 
the nature of the remainder R. Hence there is a number M such 


that |R’|< M. 
. 3m 
If we now take p so that p < a we have 


3|r cos?6 + 2s sin 6 cos 0 +t sin?6| 
(i) SO ae aes a en ar en 
| R’| 
(Se i , Ae 
that is, |B’|% <-Z|r e0s’8 + 2ssin G cos 6 + tsin’d 


? 


, 


and therefore the sign of z2 — 2: in (7) is the same as the sign of 
its first term. Hence 

If rt — s? > 0, the surface lies entirely on one side of rts tangent 
plane and lies above it if r and t are positive and below it if r and t 
are negative. 
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The word “above” in the foregoing theorem means in the 


positive direction of OZ. 

Suppose, now, that the origin is transformed to the point 
(a, b, c) and the tangent plane is taken at the plane XOY. The 
equation of the surface is then 


z= 4(rx” + 2 say + ty”) + R, 

where R involves terms of the third and higher degrees in x and y. 
Suppose the surface is cut by a plane z= e. The section is the 
UG rx? + 2 say + ty? =2 €, (10) 
neglecting the terms in R. Since rt — s” > 0, the curve (10) is an 
ellipse. Hence 

When rt —s” > 0, the section made by a plane parallel to the 
tangent plane is approximately an ellipse. 


For this reason the point is called an 
elliptic point (Fig. 36). The ellipse 1 


rv? + 2 sxy + ty? = 1, SZ 
similar to (10), is called the indicatrizx. aes Le 


Case II. rt —s? < 0. The values of 
@ in (9) are real. Call them a; and az. 
Then the coefficient of p? in (7) is Fig. 36 


3 r(cos 8 — cot ai sin )(cos 6 — cot ae sin 6). (11) 


The real lines =a, and 6=az» (Fig. 37) divide the plane 
into four portions within which the expression (11) is alternately 
plus and minus. Y 

Consider a point P with codrdinates re 
(p, 6:). Then, from (7), x 


3 
22— 2 = p?A be R’, (12) 
where 


A=rcos?6;+ 2s cos 6; sin 6; +¢ sin? 6). © Fresa7 


As p — 0 the sign of the first term of (12) determines the sign of 
the z2— 2%. But the sign of A depends upon the section of the 
plane in which P lies. Hence 


If rt—s” < 0, the surface lies partly on one side of the tangent 
plane and partly on the other side (Fig. 38). 


SURFACES 115 


Let the origin be transformed to the point (a, b, c), and the 
tangent plane be taken as the plane of XOY. Then the equation 
of the surface is 


z= 4(rx? + 2 sxy + ty?) + R. 


The section by z= € is approximately 


rx? + 2 sxy + ty? = 2, Fic. 38 
which is a hyperbola, since rt — s* < 0. Hence 


If rt —s” < 0, the section made by a plane parallel to the tangent 
plane is approximately a hyperbola. 


The point is therefore a. hyperbolic point. The curve 

rz? +2 sxyt+ty7=1 
is the indicatrix. 

CASE III. rt —s?=0. The coefficient of p? in (7) is a perfect . 
square, and the roots of (8) are equal. Neither of the arguments 
made in IJ and II is valid. The case is ambiguous, and the surface 
may be either on one side of the tangent plane or on the other. 
Examples will show this. 

Take first z= 2x7, 

Here the origin is the point (a, b, c). The tangent plane is 
z=0, and r=2, s=0, t=0. Since z is always positive, the 
surface lies on one side of the tangent plane. 

Take, secondly, SE 

Here r=s=t=0. Since z is positive or negative according as 
x is positive or negative, the surface lies on both sides of the tan- 
gent plane. 

Finally, consider  z=2?—32y?+2y7%. 

If we follow the procedure used in Case II and place 


x= pcos 8, 
y= p sin 6, 
we have z= p* — p*(— 8 cos @ sin? + 2 sin*9). (13) 


For any given value of 6 the value of p may be taken so small 
that the magnitude of the first term exceeds numerically the value 
of the second term. In fact, we have only to take 

stl, Le Se ae So . 
Pats |— 8 cos 6 sin” 6 + 2 sin* 0| 
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Consequently for any value of 6 the value of z in (18) is posi- 
tive for sufficiently small values of p. This may easily be mistaken 
for a proof that the surface is always above the xy-plane in the 
neighborhood of the origin. That this is not so may be seen 


by writing the equation of the surface y 
in the form 
aa 

z= (¢—2y")(x — y”) ee 

and drawing the curves (Fig. 39) O = x 
2 a 2s ~ 
x—2y°=0 and «—y*=0. fee 
Then it is easily seen that for points Fic. 39 


in the regions marked + in the figure 
z is positive and for points marked — in the figure z is negative. 
On the other hand, any straight line through O crosses a + region 
before reaching the origin. 

If rt — s* = 0, the section of the surface made by a plane parallel 
to the tangent plane consists approximately of two parallel lines. 


These being a special case of a parabola, the point is called a 
parabolic point. 

50. Maxima and minima. The function f(z, y) has a maximum 
value for x =a, y= b if 


fa+h,b+k) > f(a, 6) (1) 


for all values of h and k sufficiently small. Similarly, f(z, y) has a 
minimum value for x =a, y= 6 if 


fa+h, b+k) < f(a, b) (2) 
for all values of h and k sufficiently small. If we represent the 
function graphically by the surface 

z= f(x,y); (3) 
we may at once apply the results of the previous section. In the 
first place it is evident that if z has a maximum or a minimum 
value c when x = a, y= b, the tangent plane of the surface must 
be parallel to the XOY plane. Hence it is necessary that 


Oz Oz 
—=0, —=0. 
By (4) 
Further, it appears that if the point (a, b, c) is an elliptic point, 
z has a maximum or a minimum value according as the surface is 
below or above its tangent plane; if (a, b, c) is a hyperbolic point, 


MAXIMA AND MINIMA Ly, 


z has neither a maximum nor a minimum value. If (a, b, chisa 
parabolic point, the question is doubtful. We may accordingly 
make the following statement : 


In order that f(x, y) should have a maximum or a minimum value 
for x =a, y= b, tt is necessary that for these values 


of Of 
es 0, a 0. 
: Sign A ine ive 
If, in addition, x? a ( On =) > 0, f(x, y) has a maximum 
oO? oO? 2 
value when ee and ek <0 and a minimum value when as 
orf ox Or Ox? 
and op > 0. 
07 07 Oo? 2 
Af _ a -- (7) < 0, then f(x, y) has certainly neither a 


maximum nor a minimum. 


Of o*f at i ; 
If ape ( a P= 0, the matter is doubtful. 
Suppose, now, that we have a function of any number of 
variables Wr eye 2). 


The geometric interpretation is now inconvenient even with 
the assumption of a space of four or more dimensions. Moreover, 
the necessary and sufficient conditions for a maximum or a 
minimum value are complicated. It is easy, however, to give 
necessary conditions. For if f(x, y, z,---) is to be a maximum 
no matter how 2, y, z,---: vary, it must be a maximum when 
one alone of these quantities varies. But the necessary condition 
that a function of a single variable should have a maximum or 
a minimum value is that its derivative should be zero. This 
is a well-known theorem of the elementary calculus and has 
been essentially proved in this text in §5. Hence the neces- 
sary conditions that f(z, y, z,---) should have a maximum or a 
minimum value are 

of Gi hy ike 
Ox dy” Oz 
In applied problems it is usually sufficient to solve equations (5) 


and then determine from the nature of the problem whether the 
solution gives a maximum or a minimum value of f, or neither. 


=i) oer, (5) 
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51. Curves. We have already noted that the equations 


“2 =fi (t), 
4 == fg(t), 


where t is an arbitrary variable, define a one-dimensional extent 
of points (x, y, z) which by definition form a curve. We shall 
assume that the functions involved in (1) are continuous and have 
derivatives. 

The direction of the curve and the direction of the tangent line 
at any point have been shown to be dz: dy:dz. Hence the equa- 
tions of the tangent line at (a, y, z) are 


Ae —— val ns Us Gite fi — be | : (2) 


It is customary to speak of (x, y, z) and (x + dz, y + dy, z+ dz) 
as consecutive points on the curve. This is the language of infini- 
tesimals, since, strictly speaking, the point (x + dz, y + dy, z+ dz) 
is on the tangent line and not on the curve. 

Associated with the curve at each point is a definite plane called 
the osculating plane. This we may conveniently obtain through 
the notion of three consecutive points on a curve. Let (21, y1, 21) 
be a point of the curve corresponding to ¢t = t, and let (z, y, z) be 
a point corresponding to t= ¢t, +h. ee by Taylor’s series, 


x = x1 + Afi’ (tr) +5 “h"(h) +: (3) 


In (8) take h=dx. Then if we regard only infinitesimals of 
the first order, we have, from (8), 
x=2x,+ dz, 
and if we consider infinitesimals of the second order, we have 
xe=a,+dxr+4 dx. 


Treating y and z in the same way, we have three points, namely, 
P(ui, %1, a), Q(a + dz, oh + dy, 2+dz), Rim +dx+ 3 dx, 
yi + dy + 3 dy, 2: +dz-+ 4 d’z), each of which lies on the curve, 
except fori infinitesimals of a certain order, and which we call 
consecutive points of the curve. 

Any plane through P has the equation (§ 48) 


A(x — %1) + By — yi) + C(z2—a) =0. (4) 
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If, in addition, it passes through Q and R, we have 
Adzx+ Bdy+Cdz=0, 
Adx+ Bd*y+C dz=0. 3) 
If A: B:C are found from (5) and substituted in (4), we have 
(dy d°z — dy dz)(x — 21) + (dz d’a — d?z dx) (y — y1) 


+ (dx d?y — d?x dy)(z—2)=0, (6) 
or, in determinant form, 


= 0, (7) 


as the equation of the osculating plane. 

The length of the curve s may be taken as the independent 
variable in the defining equations (1). For s is defined as a 
function of t by the integral 


t 
s =i) V dx? + dy? + dz?, 
to 


and, conversely, t is a function of s and may be replaced by s. 
When that is done we shall write 


,__ aa ree oy ,__ a 
Gee ee as Fide: 8) 
vt dx iad d*y vy d?z 
ee selina ) 
Then gl? + y!? + 2/27 — 1; 
from which en" + yy” +22" =0. 


At any point P (Fig. 40) we have three 
mutually perpendicular lines of importance. 
The first is the tangent line PT the direction 
cosines of which are 

eee TOES es (12) 

The second is the line PB normal to the oscu- 
lating plane. It is called the binormal to the 
curve. By (6), its direction cosines are given by 

lo: mo: ne = ye" — ye) 2/n" — 22! 
o/y! 7 xy’. (18) 


Cc 
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If we form the identity 
(y’2!" fnacs ya)? -} (2’a!" = gig!\? + (x’y"’ _— gly’)? 
ss (oe! 25 y”” ab a (all? ae ye + wey ~ (a'r! + yy! + gait ye 
and apply (10) and (11), we have, from (18), 
yz!" a yz! 
ce ek ET Be 
2’! — 2!'x! 
Nn. = ——=———— 
ae’y! sy a!'y! 
ne =" 
The third line is the line PN lying in the osculating plane and 
perpendicular to the tangent line. It is called the principal 
normal. If 13, m3, n3 are its direction cosines, then, since it is 
perpendicular to both PT and PB, we have 
Isa’ + msy’ + n3z’ = 0, 
Is(y'2”’ —_ yz’) + ms3(2'x"" —_ ata) oa n3(a'y’” sent ey) — 0. 
If the solution of these equations is simplified by the aid of 
(10) and (11), we have alls (15) 


(14) 


t 


lg: msing =X" 2Y 
gl! 

Sa cc le, lene 

‘N /op/12 + oe + g/!2 
ye 

\ [op112 4. = + gl'2 
cats 


The lines PB and PN determine a plane, the normal plane. It 
is obvious that any line in this plane is a normal to the curve. 

We have been handling curves as defined by equations of type 
(1). It is evident, however, that two equations of the form 


es Y; 2) == 0, 
F(x, y, z) = 0, 


also define a curve as the locus of points the codrdinates of which 
satisfy both equations. This may be looked at in two ways: In 
the first place, each of the equations (17) taken alone defines a 
surface, and the points common to both surfaces lie on their curve 


whence i 
m3 = (16) 


n3 = 


(17) 
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of intersection; on the other hand, equations (17) are, by the 
theory of implicit functions, equivalent to the equations 


y= (x), 

z=¥(x), BS 
or, what is the same thing, to the three equations 

Gs. , 

y= o(t), (19) 

z= y(t), 


which are of type (1). Conversely, any equations of type (1) are 
equivalent to two equations of type (17). 

52. Curvature and torsion. As a point P moves along a curve 
the direction of the tangent line changes and the osculating plane 
changes its orientation. The change of direction gives rise to the 
idea of curvature, and the change in the osculating plane to the 
idea of torsion. 

To determine these we begin by deriving an expression for the 
angle between a line and another line very near it. Let J, m, n 
be the direction cosines of a straight line, so that 

P+ m? +n? = 1, (1) 
and let 1+ Al, m+ Am, n+ An be the direction cosines of the 
line when slightly displaced, so that 

(+ Al)? + (m+ Am)? + (n+ An)? =1; (2) 
whence, from (1), 
21AlL+2mAm+2nAn-+ (Al)? + (Am)? + (An)? =0. (8) 
By (4), § 45, if A@ is the angle between these two lines, 
cos AO = 17+ 1Al+ m?+mAm+n?+nAn 
= 1—4[(A)? + (Am)? + (An)? (4) 

But cos A@ = 1—4(A6)?, except for infinitesimals of higher 

order, and hence, except for infinitesimals of higher order, 
(A6)? = (Al)? + (Am)? + (An)?. 


Hence if 1, m, n are functions of an independent variable ¢ and 
we divide by At and pass to the limit, we have 


(a) = (a) + (az) + Gai) 


or, in differential form, 
d6? = dl? + dm? + dn?. (5) 
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The curvature of a curve may be defined as the rate of change 
of the direction of a curve with respect to its length. More pre- 
cisely, if A@ is the angle between two tangents at points differing 


by As, then ACmea 
at curvature = Lim ——- = pails (6) 
As ds 
This may be computed from (5) by the aid of (12), § 51, and 
we have curvature = Vx!’2 + y/2 + 2/2. 
The radius of curvature p is the reciprocal of the curvature ; 
whence 1 
0 eae (7) 
V ull? 4 yl? 4 Z!72 
Using this result in (14) and (16), § 51, we have 
lo — ply’2”’ ee y'2'), M2 = Rice ae ZY; 
—— In,ft Taet (8) 
Ne = p(a’'y"”’ — xy’), 
and ls = pry, =Msc= py 7 Ns = pz", (9) 
and from (12), § 51, and (9), just found, 
l 
ae te Prien (10) 
p p p 


The torsion may be defined roughly as the rate of change of the 
position of the osculating plane with respect to the length of the 
curve. More precisely, if A@ is the angle between two binormals, 
at points differing by As, then 


Aé do 
{: —— a 
orsion = Lim eeore 
The radius of torsion 7 is defined as the reciprocal of the torsion, 
so that, by (5), 1 oT ANY Rey 
peo dls 2 dm2 2 dne 2 
= (9) + (Sz) 4 (ey. a 


The direct calculation of this expression is tedious. We shall 
proceed indirectly as follows: The direction cosines of tangent, 
binormal, and principal normal satisfy the six equations 


Lh? + m? + n? = 1, (12) 
1p? + m2 + no” ah, (18) 
ls? + m3? + n3? = 1, (14) 
lle + mymz + 21N2 = 0, (15) 
lols + mem3 + non3 = 0, (16) 


Ish, + mgm, + n3m = 0, (17) 
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each of the first three being the fundamental relation for direction 
cosines, and each of the last three the condition for perpendicularity. 
Take (18) and (15) and differentiate with respect to s. We have 
le’le + me’m2 + none = 0, (18) 
lol, + me/m, + non = 0, (19) 
where equation (19) has been simplified by the aid of (10) and (16). 
From (18) and (19) we have 

lo’ 5 Mo! = No’ = Moni — MyNe2 ? Nol; — Nylo 5 lom, — lime. (20) 

But from (16) and (17) we also get 
I3 2 M3 23 = M2 — MNe2 : Nel) — Mle: lem, — lyme. (21) 


Hence lo! : me! No! = 13 : m3 2 N:3, (22) 
and therefore, by (11), 
i= Tl’, M3 = TM2’, N3 = TNo’. (23) 


Take now equations (8) and differentiate with respect to s, 
paying attention to (23). We have 


ls / / 
# = p (y’z ates y"’2') + AO ae, Ee) 
= po lo + piy'2 7 i a2); 


me + p(z'ax!” - 2!"y"), 


Ne + p(a'y’” i xy’). 


Multiply these equations in order by ls, ms, nz, respectively, 
add, and reduce by (14), (16), and (9). We have 


1 
= p(x" (y’2'" Ves y''2') ab yiaig oe zl!) 
ue | gay!!! pow gly’) 


(24) 


wt vt ‘tr 
2 y 2 


We have come out apparently with a negative sign, but as the 
sign of the determinant is not given, the sign of the torsion is not 
apparent from (24). Asa matter of fact, it is possible so to deter- 
mine the positive directions of the three principal lines that the 
sign of the torsion determines whether the osculating plane has a 
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right-hand turning or a left-hand turning as it progresses along 
the curve, but this is a matter of detail into which we shall not go. 
53. Curvilinear coordinates. The three equations 


x = fi(u, »), 
y = fo(u, v), (1) 
z= fa(u, 2), 


where w and v are independent variables, in general define a surface. 


For unless all three of the Jacobians J (* 4), J (42), and J (2) 


vanish, two of the equations may be solved for wu and », and the 
result substituted in the remaining equation. There results an 
equation of the form F(a, y, z) =0. - (2) 


A particular form of equations (1) is 
Pea, 
y¥=2, (3) 
a if (u, v), 


which is obviously equivalent to 


z=f(x, y), 4 
already discussed. ) 

If in (1) we place v = c, we have a curve lying on the surface, 
since wu is now the only variable. Similarly, wu = constant gives a 


Fig. 42 


curve lying on the surface. Thesurface is then covered by two fami- 
lies of curves. To each point P (Fig. 41) correspond two values 
of wu and », and (uw, v) are curvilinear codrdinates on the surface. 

Consider, for example, a sphere with center at O and radius a 
(Fig. 42). Let the axis of z intersect the sphere at N and let P be 
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any point of the sphere. From P draw the line PS perpendicular 
to ON, the line PM perpendicular to the plane XOY, and the 
line OP =a. Let (r, 6) be the polar codrdinates of M on the 
plane XOY; that is, r=OM and 6= XOM. Let the angle 
POS be called ¢. 


Then OM = asin ¢, 

x = OM cos 6=a cos 6 sin ¢, 
y = OM sin @= asin @ sin @, 
z=acos @. 

The angles (6, ¢) are then curvilinear codrdinates on the 
sphere. The curves 6= constant are great circles through N, 
meridians. The lines ¢= constant are small circles parallel to 
XOY, circles of latitude. In fact, @ and ¢ are precisely analo- 
gous to the longitude and co-latitude of points on the earth’s 


surface. 
If in the equation for the element of arc in space, 


ds = dx”? + dy? + dz?, 


we substitute the values of dz, dy, dz taken from (1), we find, as 
the element of arc on the surface, 


ds? = E du? +2 Fdudv+ G dv’, (5) 
ox\* foy\* (2) 
where p=(=)+(4)+ Du)? 
ie ees eu Oz Oz 


Ou ov | Ou dv | Owov 
ox\? /oy\? (2) 
a= (5) +(3) i Ov/ * 

If du:dv and 6u:6v are two directions on the surface corre- 
sponding to dx:dy:dz and 6x: dy: 6z, respectively, in space, and 
6 is the angle between these directions, then, by (4), § 45, 

__ dx bx + dy dy + dz 62 
= ds 6s 


E du 6u+ F(du 6v + dv 6u) + G do bv 
VE du?+2F dudv+Gdv? VE 6u? +2 F 6udv+G bv? 


cos 0 


- (6) 
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In particular, let w be the angle between the codrdinate curves 
u=c (for which du = 0) and v=c (for which 6v=0). Then (6) 


a - F 6u dv pclae. 
CO aac 8) CRAY BT On ee) an 
whence sin w = MEISE 
VEG 


From (7) it follows that the necessary and sufficient condition that 
the codrdinate system be orthogonal is that U=C, 
0s 

Consider the infinitesimal figure PQRS 
(Fig. 48) bounded by four codrdinate lines. v 
By (5), v=¢ 

PQ = VE du, PS=~VG do. Fic. 43 


(7) 


(8) 


U=C, 


Treating this figure as equivalent to a parallelogram, except for 
infinitesimals of higher order than du or dv, we have 


Area PQRS = PQ: PR- sin w = VEG — F? du dv. 


This we call the element of area dS and write 


dS = VEG — F? du dv. (9) 
A special case of (1) is obtained when we have 
«= flu, r), 
y=fu, »), (10) 
2== 0, 


where w and » are curvilinear codrdinates in the plane. All results 
hold. In particular, if we place w= 7, v= 6, and write 


x=r cos 6, 
7 sit, 
we have the usual polar coérdinates, and (5) becomes 
ds = dr? + r? dg? 
and (9) becomes dS =r dr dé. 


Let cosa, cos 8, cos y be the direction cosines of the normal 
to (1) at a point (uw, v). Then, since the normal is perpendicular 
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both to the curve u = constant and to the curve c = 
ae ne constant, we 


Ox oy Oz 
Fy COS a + FE cos B+ cos y = 0; 


Ox oy 
Fp COS a+ Fy C08 B + S008 = 0; 


whence cosa:cos 8:cos y = y(H= =): 1(22), i(=4), 
U, V u,v U, V 
The student may verify by direct expansion that 


Cf [G2 + -Etom—n 


1 ee 
Hence we have cosa= aera + (#4), 
1 7 Bek 
cos B = VEGF 5(22), ; (11) 
cos ‘y = wales {> #). 
VEG—F2 \u,2 
Again, let us place x= fi(u, v, w), 
y = fa(u, v, w), (12) 
z= fs(u, 0, w), 
where wu, v, and w are independent variables and where 
a pone seus :) +0. (13) 
U, v0, W 
Then equations (12) can be solved for 
u= di(x, y, 2), 
U= Oar, Y, Zz); (14) 
W = o3(X, ¥, 2): 


Then we have three families of surfaces w= C1, 0 = C2, W= C3, 
_ the intersection of which determines a point with Cartesian coér- 
dinates (x, y, 2) or curvilinear codrdinates (u, v, w). The planes 
r=, ¥ = C2, = C3, constructed for varying values of Ci, C2, Cs, 
divide space into rectangular parallelepipeds. In the same man- 
ner, except for exceptional points, the space is divided into six- 
faced cells by the surfaces u =i, v = C2, = cz constructed for 
varying values of ¢1, ¢2, ¢3. 
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The element of are in curvilinear codrdinates may be found 
by obtaining dz, dy, dz from (12) and substituting in 
ds? = dx? + dy”? + dz?, (15) 


but we have no need of writing out the general form which results. 

To find the element of volume we begin by drawing from 
P(x, y, 2). (Fig. 44) three straight lines to Q(x + dz, y+ dy, z+ dz), 
Ria+déz, yt+doy, 2+6z), and S(xz+Az, y+ Ay, z+ Az) and 


constructing on these as edges a parallele- 
piped. Then, if 6 is the angle between PQ 
and PR, the area of PRQ is PQ- PR sin 0; fi 


and if ¢ is the angle between PS and the & 
normal to the plane PRQ, the length of the 
perpendicular from S to the plane PRQ is WA 
PS cos ¢. Hence the volume of the paral- 
lelepiped is Q 
PQ: PR- PS sin 6 cos ¢. ve Fic. 44 

The value of this may be worked out by the formulas of § 45 
and found to be 

+ (dy dz — dy dz)Ax + (dz 6x — dz dx) Ay + (dx dy — bx dy) Az, 


or, in determinant form, 


dx dy dz 
+\6x dy 62 |, (16) 
Ax Ay Az 


where the double sign is to be so chosen as to make the expres- 
sion positive. In this formula the lengths of the sides may be 
as large as we please, and the formula is exact. Let us now, in 
place of the straight-line figure, place a six-sided figure bounded 
by surfaces of our curvilinear-codrdinate system, formed by tak- 
ing four points P(u, v, w), Q(u+ du, v, w), R(u, v+dv, w), and 
S(u, v, w+ dw) and passing codrdinate surfaces through these. 
Then, for the point Q, 


ee hye cone 
U U 


Ou 0 0 
peck macy _ oO 
fork, OL Ap dv, dy= Ap dv, bz= Ap dv; 


and for S, Ar= We 


z 
Bap dw, Ay = 3 Om Nae oe dw, 
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and we take the definition of the element of volume to be that 
obtained from (16) by substituting these values. We have 


du dy be 
Ou ou ou 
Ox Oy OZ 
dq —- — —k 
= Set ope a: du dv dw (17) 
Ox oy Oz 
Ow Ow dw 


=+ (tay dv dw. 
Au, 2, 

This definition seems to be based on the assumption that the 
volume of the curved figure differs from that of the straight- 
line figure by an infinitesimal of higher order than the one 
taken. Its real justification lies in the fact that it is possible 
to prove with perfect rigor that the volume of a finite solid com- 
puted by it is a number independent of the codrdinate system 
used, where it is to be noted that 


dV = dx dy dz (18) 


is a special case of (17) obtained by placing w= 7, v=y, w=z. 
Two systems of curvilinear codrdinates are in common use. 


The first are the cylindrical codrdinates Z 
(r, 6, z) (Fig. 45), where 

CE COniO, 

y =r sin 0, (19) 

Zz, 


These are equivalent to taking polar 
coordinates on the plane XOY and leav- 
ing the z codrdinate unchanged. The 
coordinate surfaces are r=c, concentric Fig. 45 
cylinders with OZ as axis; 9=c, planes 
through OZ; and z=c, planes perpendicular to OZ. In cylin- 
drical codrdinates we have 


ds? = dr? + r? d6? + dz? (20) 
and dV =r dé dr dz. (21) 
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The second set of curvilinear codrdinates in common use are 

polar, or spherical, codrdinates (r, 0, @) (Fig. 46), by which 
x=rsin ¢ cos 9, 
y=rsin ¢ sin 0, (22) 
Ze= 7 COS WD. 

The codrdinate surfaces are r=c, 
spheres with center at O; 6=c, planes 
through OZ; and ¢=c, circular cones 
with OZ as an axis. In polar codrdinates 
we have 

ds? = dr? +r? sin? dé? + 17d? (28) 
and dV =r’ sin ¢ dr dé dd. (24) 


EXERCISES 


1. If Ay: By: Cy, and Ao: Bo: Co fix the directions of two straight 
lines and Az: B3: C3 fix the direction of a line perpendicular to them, 
prove that 

A3 5 Bz ry C3 = B,Ce2 == BoC; = Ci, Ae = CoA : A, Bo — AoB}. 

2. Find the direction of the curve r=e!, y=e-', z= tV2 at the 
point for which ¢ = 0. 

8. Show that the curve x =a cost, y=asint, z=kt seit a con- 
oe angle with the direction parallel to OZ. 

4. Show that the locus of points whose codrdinates satisfy simul- 
taneously the equations f(z, y, z) = 0, g(x, y, z) = 0, has in general a 
definite direction at each point of space, and determine the direction. 

5. Find the tangent plane to the paraboloid z= ax? + ee at the 
point (21, y1, 21). 

6. Find the tangent plane to the ellipsoid =~ = es 3 s+! —=1 at the 
point (2, Y1, 21). 


7. ve nee the plane Ix + my + nz = p is tangent to the e!lipsoid 
2 


e 2 +O+5s1itp= V a7l? + b?m? + c?n?. 

8. Prove that the plane lx + my + nz=pis tangent to the para- 
bl? + am? 

4 abn 

9. Find the cosine of the angle between the normal to an ellipsoid and 
the straight line drawn from the center to the point of contact, and prove 


boloid ax? + by? =z if p= — 


that it is equal to = where p is the distance of the tangent plane from 


the center and r is the distance of the point of contact from the center. 
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10. Find the angle between the line drawn from the origin to the 


point (a, a, a) of the surface xyz = a° and the normal of the surface at 
the point. 


11. Find the angle of intersection of the spheres x? + y? + z? = a? 
and (x — b)? + y?+2?=c?, 

12. Derive the condition that two surfaces f(x, y, z)=0 and 
p(x, y, z) = 0 intersect at right angles. 


13. Find the point in the plane ax + by + cz + d = 0 which is nearest 
the origin. 


14. Find the points on the surface xyz = a® which are nearest the 
origin. 

15. Find a point in a triangle such that the sum of the squares of its 
distances from the three vertices is a minimum. 


16. Of all rectangular parallelepipeds inscribed in an ellipsoid, find 
that which has the greatest volume. 


17. Find the point inside a plane triangle from which the sum of the 
squares of the perpendiculars to the three sides isa minimum. (Express 
the answer in terms of K, the area of the triangle; a, b, c, the lengths of 
the three sides; and x, y, z, the three perpendiculars on the sides.) 


18. Show that the necessary conditions for the maximum and mini- 
mum values of f(x, y), where x and y are connected by an equation 
F(x, y) = 0, is that x and y should satisfy the two equations 


F(a, y) = 0, 
arar a ar _, 
Ox Oy Oyox 


19. Find the lengths of the shortest and longest lines from the origin 
to the conic ax? + 2hry + by? =c. Find also the direction of these 
lines (axes of the conic). 

20. Determine x, y, and z so that x?y%z" shall be a maximum if 
xcty+z=N, where 7, g, 7, and WN are constants. 


21. Show that the necessary conditions for a maximum or a mini- 
mum value of f(z, y, 2), where x, y, and z are connected by the con- 
dition F(z, y, z) = 0, is that x, y, and z should satisfy the three equations 


hid Choghs TA at Up 
of OF Ofer _y 
Ox 02 «86002 OX ; 
of oF of OF 
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22. Prove that any two linear equations 
Ayx + Bry + Cyz.+ D; = 0, 
Aout + Boy + Coz + D2 = 0, 
define a straight line, and show that its direction is given by 
B,C2 — B2C, : Cy A2 — C2A1 : Ai B2 — A2By. 


28. Consider the helix, or screw curve, 


x=acos 8, 
y =a sin 9, 
2=ké. 


Show that it winds around a cylinder, and find the equations of its three 
principal lines and of its osculating plane. 

24. Find the angle at which the helix (Ex. 23) cuts the elements of 
the cylinder on which it lies. 


25. Consider the conical helix 


Li COs, 
i= sine: 
Baits 


Show that it winds around a cone, and find the equations of its three 
principal lines and of its osculating plane. 


26. Find the angle at which the conical helix (Ex. 25) cuts the ele- 
ments of the cone on which it lies. 


27. Show that if the osculating plane of a curve is the same at all 
points the curve lies in that plane, and conversely. 


28. Find the radii of curvature and of torsion of the helix. 
29. Find the radius of curvature of the conical helix at the origin. 


In each of the following examples find the Cartesian equation of 
the surface, the nature of the codrdinate curves, the element of arc, and 
the element of area: 


30. x = u COS 2, 33. 7 =a cos 2, 
y=u sin v, y = bsin », 
Bama) Kile Ze 

31. c= uw cos 9; 34.2 =a sin u cos 2, 
y =u sin », y =bsin wu sin », 
d= I). 2=C COs u. 

32. r= au COs », 35. 2 = u cos 2, 
y = bu sin », y = usin 9, 


2= Cu. 2= 1. 
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36. Show that any surface of revolution may be given the equations 


ei 7c08 O; 
OL SS te Rita (op 
z=fi(r), 


where r is the distance from OZ of a point on the surface, and z = f(x) 
is the curve revolved to form the surface. Find the codrdinate curves 
and the elements of length and area. 


37. Let the points (x, y) of a plane be made to correspond to the 
points (¢, 6) of a sphere of radius a by the equations 
TOs 
y =k sech-|(sin ¢). 


This is Mercator’s projection, much used in map-making. Show that 
meridians of longitude and circles of latitude on the sphere become 
straight lines on the plane. Show that if ds is the element of arc on the 
plane and ds’ the element of arc on the sphere, then 

ds = E ds’. 
asin d 


Show that angles are preserved (that is, the angle between any two 
curves on the sphere is the same as the angle between their correspond- 
ing curves on the plane), but that distances are magnified in a variable 
manner, the magnification becoming greater the farther one goes from 
the equator. 


38. Let a sphere be mapped on a plane by the equations 
r=k tan $ cos 0. 


g 


= tan — sin 0. 
y 2 


This is stereographic projection. Show that angles are preserved and 
distances magnified in a varying manner. Find the curves correspond- 
ing to meridians and circles of latitude. 


39. A loxodrome is a curve which cuts meridians on a sphere at a 
constant angle. Show that it becomes a straight line in Mercator’s 
projection (Ex. 37) and a logarithmic spiral in stereographic projection 
(Ex. 38). 

40. Show as a generalization of Exs. 37-38 that if a surface with 
codrdinates (u, v) is mapped upon a surface with coérdinates (w’, v’) so 
that ds? = \ ds’?, where ) is a function of u’ and v’, angles will be 
preserved. 


CHAPTER VI 
THE DEFINITE INTEGRAL 


54. Definition. The concept of the definite integral is obtained 
as follows: 

In the interval a = x = b (Fig. 47) assume at pleasure n 
points % =a, 21, 22, 23, °**, {n—1, Where 2;41 > x, thus dividing 


(a, b) into nm smaller intervals. In evene é 


each of these intervals take a value tt 
a @, & %, -&,, 


of x= &,, where %;_1 = & = x;, and 
form the sum LO led 


=) f(Ess1) (teas — 0) = f(Es) (1 — @) + f(E2) (a2 — m1) ++ -- 
a taf (Fa)c0 eae eee dy 


Now let n increase indefinitely while each of the n intervals 
%:41— 2; approaches zero. If the sum (1) approaches a limit 
which is independent of the choice of x; or of &;, that limit is 
called the definite in- Y 
tegral of f(a) between a 
and b and is denoted by 


ff fear. 


In the next section a 
proof of the existence of 
the limit will be given © 
under certain condi- 
tions. Here it may be CTT NE ae OE EN 
made graphically plau- 
sible that the limit exists 
if f(x) is continuous and a and 6 finite. For if f(x) is expressed 
by a graph, we have a figure like Fig. 48. The sum (1) repre- 
sents the sum of the rectangles of the figure, and it seems 
obvious that the limit of the sum is the area bounded by the 
curve, the axis of x, and the ordinates x=a and x=b. 
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Fig. 48 
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Also, if f(x) has a finite number of finite discontinuities, but a 
and 6 are finite, as in Fig. 49, the area and the integral seem 
te exist. The student may accept y 
these graphical arguments or read 
the next section. 

55. Existence proof. Let f(x) be 
a function which does not become 
infinite in the interval (a, b), My41 
the largest value of f(x) in the inter- 
val (x;, %:41), and m;,,; the smallest X 
value of f(x) in the same interval. °] @ b 
Form the two sums: Fig. 49 


S= Mi(%—a)+ Mo(x2 — 21) + > x -+ M,(6 — 2n-1), (1) 
$= m™,(X1 — @) + Mo2(X2 — 41) +++ ++ m,(b — Ly-1). (2) 
Then Srp: 


Now let each of the divisions x;, x; 1 be subdivided into smaller 
intervals and let the sums S’ and s’ be formed as before. We wish 


to show that ; s<S, 
Sas: 
To show this suppose that the points 4, yo, ---, y, be chosen 
between x; and 2;,1, as sketched in © REE EE 
Fig. 50. Z. 


Then, in place of the term Mi41 (@i41-21) ug. 50 
of (1), in S’ there appear k + 1 terms, 


M'i(y1 — 1) + M’2(y2 — 1) H- 2° + Mp 41 (441 — Ye). (8) 


But unless f(x) is constant in the interval (x;, 2:41) some of the 
quantities M,’ are less than M; 41, the points 91, yz, -- -, yz being 
taken at pleasure. Hence the sum of the terms (8) is less than 
Mi41 (4:41 — 2;), and therefore S’ < S. Similarly, s’ > s. Hence 
as the subdivision is carried farther and farther, S constantly de- 
creases and s constantly increases. There would be an exception 
only in the trivial case in which f(x) is constant between x =a 
and x= b. 

We shall assume as evident that if a quantity is constantly 
decreasing, it either approaches a limit or eventually becomes less 
than any assigned negative quantity. But S is always greater 
than s. Therefore S approaches a limit. Similarly s, which con- 
stantly increases but remains smaller than S, approaches a limit. 

Cc 
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It remains to show that under certain conditions the limits of S 


and s are the same. 
From (1) and (2), 


S—s= > (Min — Mi41) (Gi41 — 44). 


Now if f(x) is continuous in the interval (a, 6), then from 

IV, § 2, we may take all the intervals x;,1 — 2x; so small that 

M;41 — M41 < € for all the intervals at the same time. Then’ 
Sib) = ey ray) = e(b—a); 

whence Limss = Ling = 7 (4) 

if b — a is finite. 

We have proved the existence of the limit J for a particular 
original division of (a, 6). To complete the proof we need to show 
that the limit is the same for any other subdivision. Let S and s 
be, as before, the sums (1) and (2), and let S’” and s’”’ be the sums 
similar to (1) and (2), with the points x; replaced by other points 
x;'’. Then, by previous proof, 

Taina Ss = iins al as 
Finally, let S’ and s’ be the sums formed by considering both the 
x; and the x,’ points: Then S’ is a sum formed by subdividing 
both the intervals used in forming S and the intervals used in 


forming S’’. Hence the limit of S’ is at the same time the limit 
of S and the limit of S’’; whence 


aaa 


We have proved the existence of the limit of the sum (1) when 
f(x) is continuous and the interval (a, 6) is finite. Let us now 
suppose that f(x) has a finite number k of points of finite dis- 
continuity such as are pictured in Fig. 49. 

Let the interval (a, b) be divided in any manner, and let the sum 
of the lengths of the intervals in which the points of discontinuity 
lie be J. If the intervals are small enough, only one point of dis- 
continuity will lie in any one interval. In these k. intervals let 
the difference between the largest and the smallest value of f(x) 
be B. The sum of the lengths of the intervals in which there is 
no point of discontinuity is b — a — 1, and the difference between 
M;.1 and m;41 in each of these intervals may be made less than 
e by taking the intervals sufficiently small. 

Hence, using S and s in the same sense as before, 


S—s < «b—a—l)+ Bl. 
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Now both ¢€ and 1 approach zero as the division is made smaller, 

and therefore : : 
Lim S = Lim s. 

We have limited ourselves to a finite number of discontinuities. 
As a matter of fact, the reasoning applies to an infinite number 
provided !—>+ 0. A discussion of this case would necessitate a 
treatment of point sets, which we shall: not give. 

We have proved that S and s approach the same limit under 
the hypotheses made. It is obvious that the sum (1), § 54, is 
intermediate in value between S and s and approaches.the same 
limit. 

We have now the following theorem: 

If f(x) is a function continuous in the interval (a, b), with at most 


b 
a finite number of finite discontinuities, the definite integral i f(x)dx 
exists. @ 


56. Properties of definite integrals. As immediate consequences 
of the definition of the definite integral we have the following 


formulas: b b 
f d@dr=ef fear, (1) 


b b 
f eG xe i fila)dee + if; folr)de, (2) 


[teode =— f feoas, 3) 
f teoas = fsayae + f fede, (4) 


if ena. (cba) (5) 


In proving (3) we have to notice that to interchange the limits 
a and 0 is to change the sign of each factor 2; 41 — 2; of (1), § 54. 
In (4) the order of magnitude of the quantities a, b, c is imma- 
terial by virtue of (3). It is of course understood that f(x) has 
the properties required in § 55. 

To prove (5) we shall assume that f(x) is continuous and not 
constant and shall let M be its maximum value and m its mini- 
mum value in the interval (a, b). If f(&;+1) is replaced by M in 
each term of (1), § 54, the sum becomes M(b — a), which is larger 
than the sum as written. Also, if f(£; +1) is replaced by m, the sum 
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becomes m(b— a), which is evidently smaller than the sum as 
written. This is independent of the number of small intervals 
of (a, b). Hence b 
m(b — a) < f saz < M(b—a); 


whence [ ieoae = w(b—a), 


where pu is some number between m and M. But by II, § 2, since 
f(x) is continuous in the interval (a, b), f(x) takes the value wu for 
some value & of x in the interval. Hence (5) follows. Graphically 
this formula says that the area under y 
the curve y = f(x) between x = a and 
x =b is equal to that of a rectangle 
with base b — a and altitude equal to 
the height of some point of the curve 
(Fig. 51). This is obviously not neces- 
sarily true if f(x) is discontinuous. 
57. Evaluation of a definite integral. 
Let f(x) be a continuous function in 
the interval (a, b). Take x, any value 
in that interval. Then, since the integral is fully defined when 
the limits a and x are given, and that value depends upon the 
limits, we have, by the definition of a function, 


i “f(a)de = (2). 
a sth x 
Wied “Aleta aac = |) Ore af f(«)de 


zth 


— f(x)dx 


=hff), @<&<a+h) 


where the transformations have been made by the formulas of 
the previous section. 
Our result shows that (x) is a continuous function, since 


Tam [pe + h) — o(z)]= 0. 
p(e +h) — (2) 
h 


Fic. 51 


Also Lim 


h-0 


= EE F(® =f); 


; d 
that is, cE (x) = f(x). (1) 
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If, now, F(x) is any function whose derivative is f(z), then, by 
III, § 6, d(x) = F(x) + C, and we have 


[ede = Fe@) +c. 


If x =a, then, by the definition of the integral, the value of 
the integral is 0. Hence C=— F(a). Using this value of C in 
our last formula and placing the upper limit x equal to b, we have 


finally b 
f s@ax = Fo — FC). (2) 


58. Simpson’s rule. When the integral cannot be evaluated in 
elementary functions, recourse is sometimes had to approximate 
integration. The most obvious thing is to expand into a series 
and integrate term by term. From this method we may develop 
a rule known as Simpson’s rule. Let 

f(x) = ao + ai(@ — a) + a2(x — a)? + a3(2@—a)? +R, (1) 
and let us integrate between a and a+h, omitting the remain- 
der R. Then, approximately, 
oa ayh? ah? ash* 

LACAN Me ceca gion | ree (2) 
a 2 3 4 

Let y; be the value of f(x) when x = a, y2 the value of f(x) when 
r= a+>, and y3 the value of f(z) when x=a-+h (Fig. 52). 


Then, approximately, 
Yi = 4, 


= Goh ash? 
Y2 = do + 1 5+ = 


oars 
Y3 = Ao + ash + agh? + azh* ; 

and from (2) it is easy to verify that, 

approximately, 


? 


ath h 
f(x)dx = 6 (yi + 4 yo + Ys). (3) 


This is merely approximate, since we have omitted RF in (1), 
but the error made is of the order of h* and is negligible for small 


values of h. 
Consider now the integral 


il fade, 
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where b (Fig. 53) is too far from a for (3) to be applied to ad- 
vantage. Let the interval (a, b) be divided into 2 equal parts 
(a,a+h), 


a 
(a+ h, Oa Ait) eae, ar b 


a eS 
ED oe take} = oe 
n n 
and theresultsadded. We obtain Fic. 53 


of such parts. 

The integral may be com- 
puted approximately by (8) for 
the intervals 


b be : 
f fede ==" (n+ 4 vot 2 ue +4 yet Que to 
= 4 Yon Yen+i)- (4) 


This is Simpson’s rule for the approximate value of an integral. 
It may be applied to computing an area where the ordinates may 
be measured from a carefully drawn diagram or computed from 
the equation of the curve. 

59. Change of variables. Given 


ff sede, 


let it be required to place x = ¢(t), where x = a when t = & and 
x=bwhent=t,. A direct substitution gives 


. if fld()]o' Wat, 
but this needs justification. For 
b 
f Se@)de = Lim DIE) (ei — a) = Lim SE)Ans 


and dz; is the principal part of Az;. The principal part of Az;,, 
however, may be substituted for dx; by theorem II, §12. The 
final work is therefore correct. 

The proof of II, § 12, demands that the infinitesimals be all 
positive or all negative, but it is usually possible to split the 
interval (a, b) into regions in which the infinitesimals are always 
positive or always negative so as to apply the theorem. 
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60. Differentiation of a definite integral. The discussion of § 57 
shows that the definite integral is a function of its upper limit } 
and of its lower limit a. Also, if f(x) is a continuous function of x 
when += a or z = 0, from (2), § 57, 


oe : 
GJ f@dw=10), 2 f f@de=-10. a) 


Suppose, now, that a and 0 are constant, but that f(x) involves 
a parameter a which is constant in the integration but may vary 
to form different integrals; then, by definition of a function, 


b 
iL f(a, ade = $(a). (2) 


We shall show that in general ¢(a) may be differentiated by 
differentiating under the integral sign; thus, 


dp _ (afl, a) 4 


da Ja 0a (3) 


_To prove this and, at the same time, to determine conditions 
under which the formula is true, we proceed as follows: 
From (2) and the formulas of § 56 we have 


b 
Ad = $(at Aa) — 9(a) =f fle, a+ Aadde — f pie cont 
b 
a if f(x, 2+ Aa) — fle, alder. (4) 


Graphically ¢(a) is the area ABDC (Fig. 54) and A¢ is the 
area CDFE. If f(x, w) is a continuous function of x and a when 
a = xz = b and a lies between two values, say a and aj, then, by 
§ 30, we may take Aa so small that y 


f(z, a+ Aq) — f(z, a)|< € 


for all values of x in the interval 
(a, b). Graphically this means that 
the width of the strip CDFE is 
less than ¢ for all points between A O| A 
and B. Therefore, from (4), Fic. 54 


|Ad| < e(b—a), 


and ¢(a) is a continuous function. 


F y=f (a,a+Aa) 
rake 
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b _ 
Ad _ ( f@ at Aa) ~K@, a) 7 


5 
Lace REA Aa Ja Aa 8) 
Now if cl exists and is continuous, then (5) is 
a 
jee Zz ait fb i e dx. (6) 
Aa 


The last integral in * is less in absolute value than 7(b — a) if 
0 
7 is larger than any value of ¢ in the interval (a, 6). If ai is con- 


tinuous, the value of 7 may be made as small as we please by 
taking e€ sufficiently small. Hence, taking the limit as Aa — 0 
in (6), we have do bof 
da J, 0a so 
which is formula (8). 
Now let us suppose that we have 


b 
Jp fla, adr = $(a), (7) 


where a and 6 are functions of a which take increments Aa and 
Ab, respectively, when a is increased by Aa. 


b+ Ab 
Then o(a+Aa)= [ ‘ f(z,a+ Aa)dx 
a+ Aa 
a 6 
=|| f(x, a+ Aa)dx +f f(x, a+ Aa)dx 
ors b+ Ab ‘ 
+f fe,at dadde, 


a 6 
and Ab=f 0 fe, a+ Aa)de + f TAC a Nee Geen 1s 


a if e iogevayes — 08; 


Graphically A@ is represented in Fig. 55 by the unshaded 
border of the area denoted by ¢(a), and the three integrals in 
(8) give the areas of the strips EAHG, CDIH, and BFJI respec- 
tively. We may apply (5), § 56, to the first and last integrals of 
(8) and have 


b 
Ad = — Aaf(y a + Aa) + if Lf Gee Ac) often ite 
4+ Abf(ts, a+ Aa). 
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Dividing by, Aa, letting Aa — 0, noticing that £—a and 
£2 — b, and using the result (3), we have 


do _ a 
Tan), sete 80,2) Bsa, «) (9) 


sa -f(x,a-+Aa) d 


b b+A6 


Fic. 55 : Fic. 56 
As an illustration take 4 
a 
If a= 0; o(a) = 0. 
If os; Oo) = tans a 


The function cue is not continuous at the point x = 0,a=0, 
and the function $(@) has a discontinuity when a= 0. In fact, 
(a) approaches ies according as a is positive or negative. The 


graph of the function is shown in Fig. 56. 
If we differentiate under the integral sign in (10), we have 
; + 2? —a? ee | 1 
OO= ), @ray? fs -| a? a= 1+a? 
which is true for all values of a except a = 0. 
The principle of differentiating under the integral sign may 
sometimes be used to evaluate a definite integral. For example, 


take 7 
(a) sip log (1 — 2 a cos x+a?”)dz. (11) 
0 
dd —2cosx+2a a 


da Wo 120 cosrt a 
ae 1— a? 
ah i= seeeeeeeece: oe 
gig A 


1l+a alt 
Se ee ces -1 = . 
=e =| tan (FS tan 5 ; 
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= tan ; varies. through positive values 
—a 


for 0 to co when —1 <a <1, and 


As x varies for 0 to 7, 


a tan ~ varies through 
l-—a Zi 


negative values from 0 to — °° whena <—lora > 1. 
Hence 


l+a HON? air 
a —-||/=— —1 1s 
tan ( eae tan 5) 9 when <a< 


and jtant(t tan 4] =—5 when a<—lora>l. 
0 


—a 2 
Therefore 
L556 when —1 <a <1, 
da 
and UD 2 when a<—1lora>l; 
da a 
whence o= Ci ~ whens — k= a< 1) 
and ¢=m7loga?+Ce when a<—1ora>l. 
We may determine C; by placing a= 0 in (11). Then C, =0. 
Hence = ¢=0 when —1 <a <1. (12) 


To determine C2 in the same manner we should need to sub- 
stitute in (11) a value of a greater numerically than 1. This is 
not convenient. Instead, we will place 


a= 5 where — le<0¢<el seinen 
(a) ={ [log (1 — 2 B cos x + 6) 
: — log B?]dzx 
= — log B? (de [by (12)] 
0 
= — 7 log 6” 
=7loga? when a <—1 
Ole er Salk (138) 


Therefore Cz = 0. 

The definition of ¢(a@) is now complete. Its graph is shown 
in Fig. 57. 

The foregoing discussion does not apply when a= +1, since 
the conditions for differentiability are not met. We shall see later 
(Example 2, § 65) that in this case ¢(a) = 0, so that the function 
is continuous for a= +1. 


INTEGRATION 145 


61. Integration under the integral sign. The possibility of differ- 
entiating under the integral sign leads conversely to the possi- 
bility of integration. Let 


b 
g(a) =f fc, ade, (1) 


where a and 6 are constants. Multiply by da and integrate with 
respect to a between ao anda. Then ' 


if Cine if ae if Foe ads. (2) 


where the integrations on the right are to be carried out from 
right to left. 
On the other hand, consider 


D(a) = [ae [fee a)da. (8) 


We wish to show that (8) and (2) are the same. We differen- 
tiate (3) with respect to a. By the previous section the differen- 
tiation on the right may be carried out under the integral sign, 


d by. (2) 8:60, a 
kite Fa J, fe ada = fle, a). 


Hence, from (8), 


b 
@(a) =f fle, addr = $a). (4) 
Then f EME = if Pe oven 
or d(a) =f o(a)da, (5) 


since, from (3), ®(ao) = 0. Hence, by replacing the two members 
of equation (5) by their respective values as given in (8) and (2), 


we have fw i ne ada = il ap |. “Hat, a)dx, (6) 


as was to be proved. 

This may be considered either as proving the method of inte- 
grating under the integral sign or as showing the possibility of 
interchanging the order of repeated integration. 

For example, consider 


1 i 
a ———. 1>.0 
fle dx Pac (a+1 > 0) 
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Multiply by da and integrate between a and 6. Then 


b es > da b+1 
fa ’ HI He el abe a+1 


But, by (6), the left-hand side of this equation is equal to 


ff ae fe de -( a Hip 
log x 


xn? — 2% b+1 
= log —— 
and therefore I eee dx og 7 a 


62. Infinite limit. It is possible to Bertitts definite integrals 
with the upper limit infinity if we place by definition 


00 b 
J Sede = Lim [ feae. (1) 


The proof of the existence of the integral now breaks down, 
and there is no guaranty that the limit in (1) actually exists. 
When it does, we say that the integral (1) converges. It is impor- 
tant to know something of the conditions under which this takes 
place. 

If it is possible to evaluate the definite integral by the formula 


[ i@dr = PO) — F@), 


where F(x) is an elementary function which may be explicitly 
found, the convergence of the integral (1) may be determined by 
examining the behavior of F(b) as 6 increases indefinitely. For 
example, consider 


de 
1 ask 
b 
Taal atta ip * = log 
il 
bdx pi 1 
. 7 PS ak 
if b= 1, itis {3 [p< aye 


As b + ©, log b > © and b!-*-—> 0 if k < 1, while b! *— 0 if 
k > 1. Hence we have the following theorem: 


” da : 
I, The aT a —, converges if k > 1 and becomes infinite if 
Wee” Hp 
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We may now prove the following theorem : 


ioe) 


II. When the integral ih f(x)dx can be written in the form 


: ie ag ths 


then (1) of p(x) ts less in absolute value than a finite number M for 
sufficiently large values of x, and k > 1, the integral converges ; 
(2) af p(x) ts greater in absolute value than a positive number m for 
sufficiently large values of x, and k = 1, the integral does not converge. 


To prove this let us write 


f seu =f fore +f fede; 


then if [ f(x)dx converges, it is necessary and sufficient that 


| if fede < e for sufficiently large /. Consider, then, the first 


iJ1 
part of the theorem given above. We have 
re) of re) (x) | 0 dx Rs Fa 
[[teoae| =) f x dx oe) oe MT 
and by taking / sufficiently large this can be made less than any 


quantity e. 
«= On the other hand, under the second part of the theorem 


[tea = [Qa >nfS 


where the last integral increases beyond any limit. 
As examples consider the following, all of which are integrals 
which cannot be evaluated by elementary means. 


dx 


Example 1. cee Saal poly 
if V (1 — x?) (1 — kx?) 
If we take {ges 


il 1 , 
Gave #) 
1 : 5 
it is evident that as x —> 0, p(x) > i and hence (zx) is finite as 


2 d 
x —> oo, and, for sufficiently large z, (x) < k or some other quantity 


0b (2) 
x 


dx, and consequently 


chosen at pleasure. The integral is rf 
converges. wy 
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Ree ree 
Example 2 if @ ay 
Take (x) =xe-”. Then Lim xe~” = 0 (§ 10); and, for sufficiently 


large values of xz, #(x) <1. The integral is J pene dx, which 
converges. z 


o sin x 
dx. 


Example 3. i 


No conclusion can be drawn from the theorem for this integral. 
If we place ¢(x) =sin xz, the absolute value of ¢(x) is always less 
than 1. But k=1, and therefore the first part of the theorem does 
not apply. On the other hand, there is no positive quantity m < $(z) 
for all large values of x, and therefore the second part of the theorem 
does not apply. 


The third example shows that the theorem we have given 
is not sufficient to determine the convergence of all integrals, 
but its range of applicability is large. The convergence of the 
integral in Example 3 may be established in another way. If we 

sin 2 


graph the function y = » the graph consists of portions alter- 


nately above and below the axis of x, and it is evident that the 
integral may be written 


“sin x 
if a de = wy — ta +a — Uy toe, (2) 
0 


where wu; is the absolute value of the integral 


kr 7 
sin x 
fo a0 
(k-lDn & 


Now as — is constantly decreasing without limit, it is evident 
that 
Una <i, and. (Lam == 0. 
k>0@ 
By § 29 the series (2) converges. 
63. Differentiation and integration of an integral with an infinite 
limit. The question naturally arises, When is 


Ae) = fl “fle, ade (1) 


a continuous function of @ and when may it be differentiated 
under the integral sign? We shall not endeavor to give a 
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complete answer to this question, but will give certain rules which 
are sometimes applicable. We shall assume that f(x, a) is a 
continuous function of « and a for any value of x between a 
and oo and for any value of a in an interval (ao, a1). 

Let us write (1) in the form 


bcs I re) 
ff Fler, adie = ff, ad +f feoten ds 2) 


where lis a large but finite quantity. If, now, e being any as- 
signed positive quantity, it is possible to choose 1 so that 


[se adi < € (3) 


for all values of a in the interval (ao, ai), then (1) is said to 
converge uniformly in the interval (ao, a1). We may then prove 
that (1) is a continuous function of a. For we have 


Ao =f Lie, a+ Aa) fl, «dx + i Vesdcivare 


— | fc, a)dx. 


By hypothesis we may so choose / that each of the last integrals 
is less absolutely than s We may then choose Aq so that 


G 


since, by hypothesis, f(z, a) is a continuous function. 


Then |Ad|< e«, 


and hence (1) is a continuous function of a. 

To differentiate (1) we shall also assume that f.(z, a) is a con- 
tinuous function of x and a for all values of x in the interval 
(a, co) and for all values of a in the interval (ao, a1), and that 


the integral i) f(z, «dx converges uniformly. We have, now, 


a 


Ad (f(a, a+ Aa) —f(z, a) OF A) ) 
Aa =| Aa gz +f Aa ge 


l io) : 
Sip iae a+ 0 Aa)dx +f falz, 2+ 0 Aa)dx. (0 < 6 < 1) 
a t 
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Since, by hypothesis, if fa(z, a@)dx converges uniformly, we 
‘ € 
may choose / so that the last integral is less absolutely than oa 


Since f. is continuous by hypothesis, we may choose Aq so that 
Fal, Bee 6 Aa) ale a) aP 1; 


€ 
where |7|< We 


1 
Hence AY, =f Se(x, a)da +, 
Aa ai 


where |7|< ¢. Since, by hypothesis, the integral approaches a 
limit as 1 —> %, we have 


I ee cape era, 
da a 


In order to apply the theorem it is necessary to be able to deter- 
mine whether the integrals involved converge absolutely or not. 
This may often be done by finding a positive function ¢(x) such 


ete $(x) = f(a, a) (5) 
for all values of x in the interval (J, ©) and for all values of a in 
the interval (ao, a1). Then if 


| e@ae 


converges, the integral i f(x, a)dx converges uniformly. This 
l 


is obvious from the relation 


f f(x, a)dx < if d(x)dx < €, 


where ¢ can be as small as we please by taking / sufficiently great. 
As an example, consider 


if Se ee 0) (6) 
0 Ab 
Here f(x, a)= ee, fa(z, a) = — e~ sin 2, 


and f and f. satisfy the conditions of being continuous functions 
of rand aifa > O0and 0 < x < 1, where 1 is any positive number 
no matter how large. We may write 


e“sinx ‘xe **sin x 
x x? 
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Now Lim xe~** = 0. Therefore for sufficiently large values of 


ro 
x, xe~*” <1; and since |sin x|= 1, we have 
Yea sin. 


vu 


. 
2) 


x? 


Then oy is the function ¢(x) of (5) and condition (5) is met, 
and therefore (6) defines a continuous function of a. 
x7e-** sin x 


? 
4? 


Again, by writing e “sinz= 


we see that for sufficiently large values of x, |e~**sin x| < Le and 
x 


hence f.(x, a) meets the required conditions. Therefore formula 
(4) holds for the integral (6). 

An integral with an infinite limit may be integrated under the 
integral sign if the condition of absolute convergence is met by 
the integrals involved. This is proved as in § 61. 

64. Infinite integrand. In our discussion of the definite integral 
thus far it has been necessary that f(x) should remain finite in the 
interval of integration. It is the purpose of this section to examine 
certain cases in which f(a) becomes infinite at one or more points. 
It will be sufficient to examine the case in which f(x) becomes 
infinite at the upper limit x=b. For if f(x) becomes infinite 
when xz = a, that limit may be made the upper limit by changing 
the sign of the integral (§ 56); if f(z) becomes infinite at any 
intermediate point c, we may use (4), § 56, and examine each 
integral separately. 

If, then, f(b) —> ©, we define the integral by the formula 


if So)de = Lim f Oe (1) 


When the limit exists, the integral is said to converge. 
When the integral may be evaluated by the formula 


f Nie Roy = F(a), 


the convergence may be examined by considering the behavior of 
F(b—) ase—. For example, 


a dx : a-e dz Au es Oh Gur 
[Sr iin [ >; = lim sin™ ——=5° 
0 Va2—22 «0d0 Va2?—a22 <0 q@ 
Cc 
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inet -d je dx 
gain, consider " @—a a 
If k = 1, this becomes 
b—e 

f be = — log e+ log (b— a); 
a 0— 2 

? Eee ashe _(—a) te * 

Lage! ff a ee 


From these results the following theorem is at once evident: 


a} ; ; 
I. The integral if soe converges if k <1 and diverges if 
a (b a L) 
k =". 
From this we may deduce the following theorem : 


b 
II. When the «integral f f(xz)dx can be written in the form 


» b(a) 
I b= nk 


then (1) if, for values of x sufficiently near b, (x) is less in absolute 
value than a number M, and k < 1, the integral converges; (2) tf, 
for values of x sufficiently near b, d(x) is greater in absolute value 
than a positive number m, and k = 1, the integral diverges. 


1 
For example, the integral if fui eee may be 
0 V(1— 2?) (1 — kx?) 
* $@) 1 


Boe where (x) = 


itt ee 
eS he V(1+ 2) (1 — kx?) 


therefore converges. The integral if aes a 
evidently diverges. aN tt 

By repeating in essence the proof in the previous section we 
may show that an integral with infinite limit b= may be 
differentiated or integrated under the integral sign provided the 
functions f(x, aw) and f.(x, a) are continuous and that the con- 
ditions for uniform convergence are met; that is, 


ff 10, ebae <i) ENN [ Zaal<n 


for all values of a between ao and a; when 1 is chosen sufficiently 
near b, and 7 is any assumed positive quantity. 
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65. Certain definite integrals. We shall discuss in this section 
certain definite integrals of importance by means of certain spe- 
cial devices. 


Example 1. if “edz. This integral has been shown to converge. 
b b 
Let a am = —¥ dy. 
jeer [re # dy (1) 


We may use either y or x in writing the integral, since the form of the 
function and the limits only are essential. Then 


ies. "e-** dar if et? dy = if : ik "e-(@4v dx dy, (2) 


where the double integral is taken over Y, 
the square OACB (Fig. 58). - 

Since all the terms of the sum in (2) 
are positive, the value of J? is greater 
than would be the same sum taken over 
the quadrant of a circle of radius OB = b 
and less than the sum taken over a 
quadrant of radius 


OC = bvV/2. 


EXG 
%=b 
In summing over the quadrants we Fic. 58 
may use polar coérdinates and have ; 
3 b — 72 2 = bv2 =n G 
SP fi erred <1 nh e-"'r dO dr; 
whence 3 G—e"). 2 P< rae mettle (3) 


Now let > ©. By definition J approaches ib “e-@ da, and the first 


and last members of the inequality (3) approach e Therefore 
[vee dz = 1V/z, (4) 


Example 2. fe log sin x dr. The function log sin x becomes infinite 

0 ‘ . 

when x = 0; but we may write log sin x = at where $(x) = xzlog sing, 
x 


and show by § 10 that Lim ¢(z) =0. Therefore, by § 64, the integral 
converges. of aly 


™ ™ or 
eee 2 +. — 2 —_— — — 5 
Let u= fe log sin x dx =f log cos y dy. (u 5 2) (5) 
We may replace y by x in the last integral of (5). Then 
2u =? [log sin x + log cos t|dx = [7 log sin 2 x dx — flog 2dx. (6) 
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Integrating the last integral of (6) and placing 2 x = z in the next to 
the last integral, we have 


2u+ 2 log 2== flog sin 2 dz 

— 2,” log sin zdz+ 3 [log sin z dz. (7) 

2 
In the next to the last integral of (7) we place z = x and in the last 

integral we place z = ; — y and use (5). Then 

T I 1 
2 —log 2=-= =U; 
as g Be eh 
T 

whence 4=— 3 log 2. SECS) 


This result enables us to complete the discussion of (11), § 60. For 
if we place a = 1 we have 


gfe “log 2(1 — cos x)de = f “log (4 sin? :) oe 


wv Tr A Fp 
= log 4 f dx +2 f° log sin | ae 
G ies _2 
=mlog4+4 f log sin y dy (v=5) 


= 1 log 4+ 4(— log 2) =0. 


Example 38. C= dx. (a > 0) 


We have seen that this integral defines a continuous function of a 
and that it may be differentiated under the integral sign. Then 


0 e-* sin x 


o(a) = if ae 
¢’(a) =— if “ena sin x dx 
=— 1 . 
1+ a? 
Therefore @=-—tan'a+C. 


Nowas a->o, ¢(a)—0, and therefore C = 2 ; 


whence (a) = cot! a = tan- ar 
a 
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eosin x 
dx. 


Example 4. He 
0 


This integral arises from Example 3 when a= 0. The evaluation of 
Example 3 depends, however, upon the assumption that a#0. We 
cannot place w = 0 in Example 8, therefore, without first showing that 
(a) is a continuous function of a. This we may do as follows. We 
write 


(a) = (ae, 
(0) =f See az, 


We have already shown that ¢(a) and ¢(0) converge. In fact, we 
have, as in Example 8, § 62, ~ 


b(a) = uy (a) — U2(a) + Us(@) — +++ tb Un(a) F---, 
(0) = wu (0) — w2(0) + w3(0) —- ++ 4 Un(0) F---, 


where the limits of integration for u,(q@) and u;(0) are the same. Let 
€ be any assigned positive number. We may take a finite number of 
terms n so that the remainder after n times in each of these series is 


less than 53 Then 
(a) — $(0) = [an(a) — 2 (0)] — [us(a) — u2(0)] +++ - 
+ [Un(a@) — Un(0)] + 0, 
where |7|< = - Now each of the functions u;(a@) is a continuous 
function when a = 0. Hence we may take a so small that each of the 


terms | u,(a@) — uz(0) |< a Then 


Ip(a) — 60) | <6 


which shows that ¢(a) is continuous at a = 0. 


CIA eer ep lVyia x. 
Therefore if - r= a (tan *) 9 
Me-a der, 
Example 5. if e ed 
Place ax = y. Then, by Example 1, 
Vir 


if a deaf" e~" dy= 
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m2 9 
Example 6. f°sin x de. and if cos x? dx. 


To obtain these integrals we shall use certain properties of complex 
numbers, thus anticipating Chapter XV. This chapter may be con- 
sulted in advance or the reading of this example may be postponed. 


By (5), § 26, e- ** — cos x? — i sin x’. 
We shall therefore study 
*e-it* dx = ("cos x2 dx —i [sin x? d 
if e x i cos © if t, 


which can be shown to converge by showing, as in Example 8, § 62, that 
each of the two integrals on the right converges. 


Re 
By Example 5, Af e~@ dx = ar 
Now fu = z -» as may be verified by squaring both sides of the 
N/a a 
equation, and 2 == fs 
1+% 2 


Hence Jf °cos x? dx — if sin Ore ae (1-7); 


and therefore, by equating real and imaginary parts, 


oe) 2 Saye 2 ms 1 us 
i} cos x dx =f sin x dx = 5 3" 
66. Multiple integrals. Let a region R (Fig. 59) be given in the 
xy-plane, and let it be divided into y 
rectangles by lines 


r=; (GeO 1S Aeon?) 
and (y=) ncamn ke 0,8 nee) 


Most of these rectangles lie inside 
the region R, but at the boundary 
some will project out of the region. 
Consider any rectangle, with di- 
mensions 2;41—2; and yz41— Ys, 
which lies either wholly or partly O 
in R and let (&;, n.) be any point in 
this rectangle and also in R if the rectangle extends outside of R. 

Let f(x, y) be a function which is continuous in the region R. 
Then it may be shown that the sum 


t=nk=m 


> 2A: Nk) (i +1 — Li) (Yu41 — Yr) 


ane a 
HERE 
4 
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approaches a limit as n and m increase indefinitely and each of 
the differences «;,; — 2; and yx41 — yz approaches zero. We shall 
omit the proof, which proceeds on lines analogous to those used 
in § 55. This limit is expressed by 


uh fhe y)dx dy, | ai 


(R) 

and the function f(x, y) is said to be summed over the region R. 
It is assumed that the student is familiar, from his study of 
elementary calculus, with illustra- y 

tions of the use of double integrals. 

In the foregoing discussion the 
region R may be any shape what- 
ever, with any number of distinct 
boundary curves. In case the region 
is of the shape sketched in Fig. 60, 
where any line parallel to OY meets 
the boundary curve in two points for 9 
which the values of y are y; =fi(x) 
and y2 = fo(x), and the extreme values of x are x =a and x=), 
the integral may be evaluated by the formula 


[se wae ay = f “de Jf Seman (2) 


(R) 
or in ease a line parallel to OX meets the boundary curve in two 
points x = 71, x = X2, and the extreme values of y are y=c, y= d, 


then also f ite ee fm [Vie y)da. (3) 


(R) 
In case the area over which the integration takes place is a 
rectangle bounded by the lines x=a, x=), y=c, y=d, for- 
mulas (2) and (8) yield the result 


if e af fle, y)dy = f 7 if Ve, y)dx, (4) 


which embodies the principle of interchange of the order of 
integration. 

Formula (4) is always valid if the limits a, }, c, d are finite and 
f(z, y) is continuous in the rectangle. Without formal proof this 
statement is geometrically plausible if we consider the integrals 
in (4) as defining a volume. 


Fic. 60 
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If one or more of the limits in (4) becomes infinite or if f(x, y) 
has discontinuities, the formula is not necessarily true. The 
student will often meet examples, however, in which (4) is applied 
to such eases. This can usually be justified by the theorem* that 
if f(x, y) does not change its sign, formula (4) holds, provided the 

d 


integral | f(x, y)dy is a continuous function of x and the inte- 
b c 
gral | f(a, y)dx is a continuous function of y, except perhaps 


for isolated points. To determine when the simple integrals 
satisfy the conditions demanded, the tests of § 62 and § 64 are 
usually sufficient. 

The integration over a more complicated region R may be 
carried out by separating that region into smaller regions of the 
simpler type just considered, but in this text we shall be more 
concerned with the properties of a definite integral than with its 
evaluation, which is a subject for the elementary calculus. 

We may write the integral (1) in the form 


[fie naa, (5) 


where dA is the element of area dx dy. In case the codrdinates 
(x, y) are replaced by curvilinear codrdinates (uw, v), then, as 
shown in § 53, dA is to be replaced by 

+ (2) dn, (6) 

U, V 

the sign being so chosen as to make the area positive. On the 
other hand, in f(x, y) we have simply to make the substitution (5). 
That the integral obtained in this way is exactly the same as the 
original we shall leave as sufficiently plausible, without making 
the careful analysis necessary for rigorously proving this. 

Again, let a region of space R be divided into rectangular 
parallelepipeds by planes parallel to the codrdinate axes in a 
manner analogous to the division of the plane. Let the vertex of 
one such parallelepiped, which lies either entirely or partly in R, 
be (ai, yj, 2x), let its edges be 2441 — %i, Yj4i — Yj, Zh41 — Ze, and 
let (€,, 7;, &%) be a point in its interior and in R. Then, if f(z, y, z) 
is a function continuous in R, the sum 


LR VHEs Nir Sk) (Lisa — Li) (Yjsa — Ys) (Ze41 — Ze) 


* De la Valée Poussin, Cours d’Analyse, 4th ed., Vol. II, p. 23. 
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approaches a limit as the number of parallelepipeds increases 
indefinitely and the edges of each approach zero. This limit is 


the triple integral 
; 1) if f(x, y, z)dx dy dz. (7) 


(R) 
The region R may be of any shape. If it is such that a line 


parallel to OZ enters the region through a surface z = fi(z, y) 
and leaves it through the surface z2 = fo(a, y), then (7) may be 


aie uf if dx dy ih Fe, Y, z)dz, (8) 


(S) 


where the region S, over which the double integral is taken, is the 
projection of R on XOY. 
The triple integral (7) may be written 


[f[[teu aay, (9) 


(R) 


where dV is the element of volume dz dy dz. If it is desired to 
use curvilinear codrdinates (uw, v, w), as shown in § 53, 


ae (242) du dv dw. (10) 
We have already seen that in cylindrical coérdinates we have 
dV =r dé dr dz, (11) 
and in polar codrdinates, 
dV =r’ sin ¢ dé dd dr. (12) 
EXERCISES 


1. If f(x) is an odd function, that is, if f(— x) = — f(x), prove that 
[[f@de =0. 

2. If f(x) is an even function, that is, if f(— x) = f(x), prove that 
Sif@adr = 2 f "fade. 

3. If f(a — x) = f(x), prove that 
f'Te@dx = 2 f° f(a)ae. 

4. Show that f° "/(sin z)de =k f ?*F(sin x)dz. 
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5. If f(x) has a period a, that is, if f(v + a) =f(x), prove that 
fs@de = k {fade (k = any integer) 
6. Ifa < b, and f,(x) < fo(x) < f3(x) for any x in the interval (a, b), 
prove that fin ore < f'fale)ae < f'folw)de. 


7. If m and M are the smallest and the largest values of f(x) in the 
interval (a, b), and ¢(x) > 0 in the interval, prove that 


mf “p(ade < f°f(a)d(a)de < M f ° b(a)de 
and therefore 


['i@e@dr =H ['b@)dx. (a < — <b) 
"a+ a%)'d 
8. Evaluate ip (1 + 2°) dx 


by Simpson’s rule, taking n = 3. 


. Evaluate 1 aa? 
by Simpson’s rule, taking n = 2. . 


10. Evaluate if 3 login cos x dx 


by Simpson’s rule, taking n = 2. 
dx 
11. Examine the integral (1_——— for continuity when a = 0. 
th Va? + x? 


12. Examine the integral f —— in the neighborhood of a = 0. 
OU MAE se at 


Find the derivatives, with respect to a, of the following integrals 
without first integrating, and check by first integrating and then dif- 
ferentiating : 


ax = 

ey i cos (x + a)dx. 15. ifieee dz. 
eerie re 

14. J, sin = de. 16. if (x? + a?)dz. 


By differentiating with respect to a, find the values of the following 
integrals : 


™ 1z*—1 
Wee i log (1+ a cos x)dz. 18. {/ BEE dx 
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19. By successive differentiations of if tn o= : obtain 
0 n+1 
1 m! 
o (ores) san == (— 1) 
J, 2" dog 2) Fat ene 
T dx 4} 
20. From eee (1) 
) Ce — "COS S: V a2 = 1 
7 b — cos x b Were Ove) Vb? — 
find af: log ———— = r log 
0 a—cosx a+ OO err = 
Test the convergence of the following integrals: 
© dr © 2gtdr eo at 2 
> | = ig [fa Se 25.{ e dz, 
{ aVi1 ee x? it Ge + a’)? 0 
eo sin? x cole Acar 0 dx 
22. dz. 24. Ca" bx dz. 26. —__——: 
if = iG if cos bx dx i an 


27. By methods analogous to those used in Example 8, § 62, of the 
text, prove the convergence of 


4g sin x? de. 
0 
28. Prove the convergence of 


«~ e-* sin mx 
(ee 
0 x 


Prove that the following integrals satisfy the conditions for differ- 
entiability with respect to a under the integral sign: 


tt ee © —bz? 
29. i Cmca 31. if e cos ax dz. 
dx 
ben Boilie 
30. [“e dx. af ae 
33. From i “e-@ dx = — obtain by differentiation 
0 a 
n! 
| ers dx — eee 
0 anti 


34. From f * ea? dy = u Ne obtain by differentiation 
0 2 Va 
6 Verdin sion 1) 


Qn ats 


if wen Ne— ax? dz 
0 


d 
35. From Jf re dx = 5 v7 obtain by differentiation 


e dx w1-3---(@n—1) 
0 (x2+a)"t1 22-4---2narts 
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36. From if *e-4 cos mx dx = aa obtain by integration 


ae 


{ppeeaict 1 Eases + m? 
— (0) 
0 x sec mx 2 a? +m? 


37. From i *e-* sin ma dz = aT find by integration 


Ome b= Bax a 
it ———- dr = Sapte — tan-!—- 
0 2x CSC Mx m m 


1 : 2 ; 
38. From J *e-* dy = = obtain by integration 
eo 
ON ee ba 


i Feed eeatop es 
0 x a 


foo] 
39. From J Cae obtain by integration 


2Va 
os ae? bx? — 
i} (“= e ae = (b—- a)Vr. 
0 x2 


Investigate the convergence of the following integrals: 


1 tans o ax 
40. (log x)” dx. 42. | ————- 44, Sat ati 3 
Sh OE Cheaans)s i} awa? —1 
re yf mae oe, Ped pap ela [yp ax. 
ol—z 0 x3(1 +2) 1—z 


Evaluate the following integrals. The results of the chapter and 
any elementary integrals may be used; and in any exercise the result 
of a previous exercise may be used. In some cases a change of variable 
is the only step necessary. 


eosin mx T 
3 —dr=— ji 
a6. [ a z 3 if m>0, 
=0 if m=0, 
T 
=—— if 0. 
9 a << 


a 2 
at. f° x log sin x de = — * log 2. 


48. ip dx = > Vr. 


silicate 
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eosin x cos Mx 
fe 
0 


de=0 if m<-—1 or m>l, 
de 


a eat eats e- 24 T 
51. e dx = ————_: 
it e 
‘ : d 
Hint. Representing the integral by uw, first show that = =—24u. 


e-* sin bx b 
52. {-— dx = tan-!-—- 
0 x a 


“eos x eosin t 7 
58. f Fe dx =f Sn de = 5 


CHAPTER VII 
THE GAMMA AND BETA FUNCTIONS 


67. The Gamma function. By application of the tests of § 62 
and § 64 it is easy to show that the integral 


Le o} 
ff ge” 16-2 da 
0 


converges when 7 is positive and therefore defines a function of 
n for positive n. This function is called the Gamma function, 


and we have . 
T'(n) =i ge Ce Oe ae Ai nO) (1) 
0 


We have, directly, [(1) = a] Ca rl: (2) 
0 


By integration by parts we have the identity 


[ve GHD = |- ve | aii nf ge dr= nf ge 6a ar: 
0 0 0 0 
and therefore (n+ 1) =nI'(n), (8) 


which is the fundamental formula for the manipulation of Gamma 
functions. 

It is evident that if the value of I'(n) is known for n between 
any two successive integers, say between n=1 and n= 2, the 
value of I'(n) for any positive nm may be found by successive 
applications of (3). Tables for log I'(n) for 1 < n < 2 have been 
computed and may be found in various places.* 

Moreover, formula (3) may be used to define I'(n) for values 
of n for which the definition (1) fails. For if we write (3) in the 


form 
ie 1 
T'(n) = ae (4) 


then, if —1 <n < 0, formula (4) gives us I'(n) since (n+ 1) is 
positive. We may then find I'(n) when — 2 < n < —1, since 


* Consult, for example, B. O. Peirce’s ‘‘Short Table of Integrals.” 
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now T(n +1), in the right hand of (4), is known; and so on 
indefinitely. 


We have, then, in (1) and (8) the complete definition of '(n) for 
all values of n. 


From (8) it follows that 
Pin) = (n—DEH—1); (5) 
and hence, from (8) and (5), 
Ta+1)=nm—1)T(n—-D, 
or, more generally, 
Tin+1)=n(n—1)---(m—k)T(n—-h), (6) 


where k is a positive integer. 
If n is a positive integer and we take k = n — 1 in (6), we have, 
with the aid of (2), 
2) T(in+1)=n! (7) 


or T'(n) = (n—1)! (8) 


Accordingly the Gamma function reduces to a factorial number 
when n is a positive integer, and may therefore be considered as a 
generalization of n! for the case in which n is fractional or negative. 

From (8) we also obtain readily 


Tin+k) = (n+k—1)---(n+1)rI'(n), (9) 
or, what is the same thing, 
rae EE!) (10) 


ml): (ek = 1) 
where in both (9) and (10) & is a positive integer. 

It appears from (10) that the Gamma function becomes infinite 
when n is zero or a negative integer; for k can be taken large 
enough in (10) to make n+ k positive, and the fraction in (10) 
then contains a zero factor in the denominator. 

The integral (1) may be reduced to other forms, some of which 
we give, together with the substitution which reduces (1) to each 
of the new forms: 


Cm) = a fig" eo dy,  (e=ay) (11) 


P(n) = gear ate" dy, (x=y") (12) 
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Pin) =m" f yn(loe2)” dy. (== (m +1) log v) (13) 
If we put n = 4 in (12) and use the result of Example 1, § 65, 
we get T'(4) = V7. (14) 
68. The Beta function. The integral 
[pore —z)"— dr 


converges when m and 7 are positive (§ 64) and defines a function 
of m and n called the Beta function.’ Hence 


B(m, n) =| a — x)" dx. (1) 


It is important to notice that m and n may be interchanged in 
(1). To see this, place x =1—y. We have 


1 
B(m, n) = f (l—y)"—'y"— dy 
0 


1 
=| (1 — x)™—14"—! dx = B(n, m). (2) 
ees forms of the Beta function are of importance. In (1) Diage 
=; then 
ae 1 a 
Bom, 0) = recs fue Wd @) 


In (1) place x = sin? ¢. We get 


B(m, n) = 2 [sine ¢ cos?"—! dd. (4) 


Again, place x = Ee in (1). We ae 


Bom, n) = [0 dy (5) 


A relation between the Beta and Gamma functions may be 
worked out as follows: Using (12), § 67, we have 


PomP(n) =4f “aretere ae [ym tert dy 
0 0 


a4 fo [Cateiyin etn dx dy. 
0 Jo 
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The double integration is to be taken over the first quadrant of 
the XOY plane. Replacing Cartesian coordinates by polar coordi- 
nates, we have P 


I'\(m)T'(n) = 4 ff pm tn—2)o—r sin2m™—1  egg2"—! gb 7 dO dr 
0 


0 
Tv 
Be a 
=4f ela Vs Ketel haa 949 f rnerele "dr 
0 * 70 


= Bim, n)'(m+ n), 
by (4) of this section and (12), § 67. Hence 


_ Lim)T(n) 
Bim, n) = ion) cee . 


Loar ao 
As an example, consider f ——* 
z 0 1— x? 


Placing = y, this becomes 


1 
fi 4 y3(1— y)-# dy =4 Bi, 4) 
0 


(6) 


pee LS) 
Fan 
but I(4)=3!, T@)=Vr, T()=f-8-2-4v7z. 
Pee Ge 128 
Theref: ———— = =. 
erefore Amer a ol: 


69. Dirichlet’s integrals. As an interesting example of Gamma 
functions let us endeavor to evaluate the integral 


il =[[[etrtes dx dy dz 


over the octant bounded by the ellipsoid 
x? y” 22 
: et pte 
and the codrdinate planes. 
We begin by placing 
ot? y? 22 
es, ety aaa 
abc” 25 i 
Then a £2 9? 52  d& dn df 
over the octant bounded by the coordinate planes, and 
E+n+f=1. 


Cc 
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Putting in limits, we have 


lpman 1 TS LS fice ae m n 
af ff ee Ps at an at 
Ipmen 1-€é m_ n 
=e ff ena e- what an, 


Carrying out the integration in which £ is constant, we have, by 


8), $68, amet 
ome [ea oF BF b+ tae; 
and carrying out the second integration, we have, by (1) and 


(6), § 68, 1 
— et (3.5 ) 
ic B 1)B igh 1 
l m n m+n 
eo Nn (2)e(t-4a)r( 2 +1) 
4n r(tS** 4 1)r("5* +1) 


r(gyn() : 


If-l=1, m=1, n=1, we have for the volume of an octant of 
an ellipsoid a a abcT (4 wes TG la abe 


Hi=3, m=1,7—= 1, we have 


_ @eT QTE) _ abe 
[f[ [2 aay ae= 3 Ta cot 


bee 
Similarly, ih if fy? y~ dx dy dz = a T, 


and therefore the moment of inertia of an ellipsoid of mass M 


about OZ is abe 
30 + b?)r =4 M(a? + b?). 


Again, if 1 = 2, m= 2, n=1, we have the product of inertia 


a*b?cT'(1)T kt 272 
Lay = [ff 2u de dy a ee SE 
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A more general formula than (1) is 


l m n 
alten ACE He) 
Sf it tty ta de dy dz = 2" APE AG ATE 
m n 
(c++ eta 
Pp q if 


over the octant bounded by a portion of the surface 


p q LF 
Gla nel= 
a b c 

and the three codrdinate planes. The proof of this we leave to 
the student. 

This discussion may be extended to any number of variables. 

70. Special relations. We shall obtain in this section certain 
relations involving Gamma functions which are less fundamental 
than those of § 67. 

In (5) and (6), § 68, place m = 1 — n, assuming that 0 < » < 1. 
There results | 


(2) 


T(in)T A —n) = dy. Hl 
@Td—n) =) To dy (1) 
We shall show in § 149 that 
re jee a 0 1 9 
0 Opie. ee Oh vteca!) (2) 


Assuming this for the present, we have 


Tn) —n) = ee (3) 

We note in passing that by placing n = 4 we have again the 

result found in § 67, inch = we (4) 
iL 74 3 Di 

In (8) let us place in succession SS ry ae —,+++,———, where 


is any positive integer, and multiply the results together. We have 


BGI) (leper = 


sins —— > “21 
Pp p 


T 


We shall show in § 136 that the denominator on the right is 


P - Hence we have 
Ore p-1 


tS) a aaa ~. 6) 


equal to 
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To obtain the next relation which we desire we begin with the 


elementary integral - 
(ic —ba da = ak ae 


whence fa [re eee ey we — = log z. 


The double integral satisfies the requirements of § 66 for inter- 
change of the order of integration. 


Hence log 2 =f “da f hata fe =|) EI (6) 
0 1 0 a 


The integral (1), § 67, defining I'(n) may be differentiated under 
the integral sign with respect to n. Representing the result by 


I'’(n), we have © 
I’(n) =f ce lors ar 
0 


and substituting the value of log x from (6), we have 


I’(n) (Ports ar f=" da. 
0 0 


The order of integration may be interchanged by § 66. Hence 


© 00 
I’(n) =|) ail (6 Tae 7 ae eatee aT 
=a if yn-l ard od yn—le- (ete gy. 
0 Qa 


The first integrals in each pair may be evaluated by (1), § 67, 
and (11), § 67, respectively. We have 


By placing n = 1 in (7), we have 


ron fet) 


and subtracting this from We » aS given in (7), we have 
T’(n) f| 1 Al |S 
ea ata — — ———_ |— 
I'(n) ois o Ll+a (1+a)"|a 8) 
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vival 


If m is an integer greater than unity, this may be reduced 


further by placing 1+ a= ¢t. The integral in (8) becomes 


Nereey sy 
fo tettes+-pemdait stig. po 
1 


The constant I’(1) is called Euler’s constant. It is represented 


by — y, and it has been computed that : 


WROTE OLO( ass 
We have, finally, from (8), for integral values of n, 
T’(n) _ teat 1 
Gite eee ed 


EXERCISES 
1. Prove that 


oD es Ve et 
ee a 3-5 za we 


where k is a positive integer. 


2. Prove that r(? ob \r 41) 
fra —2x™)ldr= : 


1 ax il r Ne 
8. Prove that f Sere Ee a} \° 


1 wde __ 1 [py 3\]? 
4. Prove that J eee (nae Z 5 
beet I 


r(*# =) 

ey, Vir 2 

5. Prove that if Vee = any EDA 
(gt 


and then show that == Ser. 5 


if n is an even integer, and 
{fs ZV as 2-4. 
0 1 


if n is an odd integer. 


(9) 
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T (=) 

: NF pL 

6. Show that if Veer r m r( y 
ip Os 


is a positive integer k, 
1 (k — oe . 
m (q+1)q+2)---(q+k) 


7. From Ex. 2 show that if sams! 


iP x? (1 —a™)¢dr = 


Le Sie 
is a positive integer k, 


EY) Sais eg) 
m- Fae 


8. From Ex. 2 show that if ¢ +2 


(fee — x")Idy = 
9. Prove that 
f ?sin"2 dx = { 2cos*s d= = B( a I 5): 
0 0 2 
Hence prove that 


vw Tv 
f sin" 2 dx = { 2cos*x p= 
0 0 


Dierdve 
1 
if n is an odd integer, and 
f @sin" 2 de = { 2 cos" x dx = ae 
0 0 Po 


if m is an even integer. 


10. Prove that peel b (“ + *)| 
J.?sin" 2xdz= 


11. From Ex. 10 prove that onal r( + *)| 


f?sin™2 Gi = 
0 I'(n + 1) 


12. By combining Exs. 9 and 11 prove that 


18. Prove that 


2 cos br Dime 1 
fea te Pr 
Oa I\(n) 


O <teal) 
2 cos 
by placing == Pa eo ansle—= da, 


reversing the order of integration, and making use of (2) ge70: 
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14. By a method similar to that of Ex. 13 prove that 


© 7 n—1 

f pe eee en <1) 
Q  _ate LO) Yew 

2 si 


15. Find the area of one loop of the curve in polar coérdinates 
rt = sin® 0 cos 0, 
16. Prove formula (2), § 69. 
Use the Dirichlet integrals to obtain the volume, the center of 


gravity, and the moment of inertia of an octant of each of the solids 
bounded by the following surfaces: 


1 ne 1 1 2 2 2 2 e 
WetyteHa. 18408? +y+e2=a°e. 19. 27+ 4? +2¢=1, 


CHAPTER VIII 
LINE, SURFACE, AND SPACE INTEGRALS 


71. Line integrals. Consider a function P(x, y) defined and con- 
tinuous for a certain region of the plane XOY, and take in the 
region a curve C (Fig.61) ex- y 
tending from a point A(m, 61) 
to a point B(de, b2). Divide the 
curve C into n segments by points 
Mi (x1, Y1); M2(x2, Y2), ee, let 
(£;, n:) be a point in the seg- 
ment (M;_1, M;), and form the 
sum 


i=n-1 
> PE ens) ie ed) s 


The limit of this sum as n is 
indefinitely increased and each 
factor x«;— 2;-1 approaches zero 
is the line integral of P(x, y) along the curve C and is indicated 


by the symbol a be) 
( 


Fig. 61 


PCa, y)de (1) 
a4, 64) 

along C. The value of this integral depends not only on the 
limits but also on the curve C. If the equation of the curve is 
known in the form y = $(z), (2) 


the integral (1) may be reduced by substitution to an integral 


in one variable, ay 

[Pie o@lde; (3) 
or if the equations of the curve are given in terms of a parameter t 
or x = fi(t), y = fe(t), (4) 


the integral (1) becomes by substitution 
th 
Hf F(t)dt. (5) 
t 


Hither (8) or (5) may be evaluated by direct substitution. 
174 
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Some very elementary integrals connected with a curve may 
be looked at from this point of view. For example, P(x, y) may 
be simply y. Then (1) is the area ADEB, of which C is the upper 
boundary; and if P(a, y) is ry”, then (1) is the volume of a solid 
found by revolving ADEB around OX. 

If Q(x, y) is another continuous function, we may form the sum 


t=n-—1 1 


> QE, ni) (Yi — Ysa) 3 


and the limit of this sum is another line integral, 


(aa, bs) 
Hi Q(x, y)dy, (6) 
(ay, 64) 


taken along C. Thus, if Q(z, y) is x, the integral (6) is the area 
FABG, of which C is part of the boundary; and if Q is 7x”, the 
integral (6) is the volume of a solid formed by revolving FABG 
around OY. 

In practice it is more common to find line integrals occurring 


in the form (a2, ba) 
If “LP, wide + Q(x, wdul (7) 


a, by) 

which means the sum of (1) and (6). It is this form which we 
shall generally have in mind when we speak of a line integral. 
The evaluation of (7) when the equation of C is given in the 
form (2) or (4) is made by substitution and direct integration. 

It is not necessary that the curve C should have the same equa- 
tion for its entire path, but it may be of the form noticed in § 1. 
For example, consider the integral 


(1, 1) 
i [yy — x)dy+ydr]. 


(0, 0) 


The curve C may be the parabola y? = x. Then the integral is 
x 
Hf (y + y?)dy = %- 


Or the curve C may consist of a piece of the axis of x from 
(0, 0) to (1, 0) and then the line x = 1 from (1, 0) to (1, 1). The 


integral is then 1 
HI (y — 1)dy =—2;, 


since on the first part of the path y = 0, dy = 0, and on the second 
portion x = 1, dx = 0. 
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We are, however, interested in properties of (7) which may be 
discussed without direct integration. By the definition, (7) has a 
distinct meaning as a limit of a sum whether C be an open or a 
closed eurve.. In the latter case we write (7) as 


fe Leas 


As an example of (7) consider a field of force; that is, let 
there be a force F determined in direction and magnitude at 
every point of the region of the plane 
considered. 

We wish to find the work done on 
a particle moving from A to B along a 
curve C (Fig. 62). Let C be divided into 
segments each of which is As and one 
of which is MN. Let F be the force at 
M, MR the direction in which it acts, 
MT the tangent at M, and @ the angle 
RMT. Then the component of force in 
the direction MN is F cos 89, and the 
work done on a particle moving from M to N is F cos @ ds except 
for infinitesimals of higher order. The total work W in moving 
the particle from A to B is then 


w= [ Feos 0 ds (8) 


A Fic. 62 


taken along C. This is properly called a line integral, but it is 
not in the form (7). It may, however, be put in that form. For 
if @ is the angle between MR and OX, and ¢ the angle between 
MT and OX, then peng iig 


whence Ww = ice cosa cos 6+ F sina sin ¢)ds. 


But F cosa= X, Fsina=/Y, where X and Y are the com- 
ponents of force parallel to OX and OY, respectively, and 
cos ¢ ds = dx, sin ¢ ds = dy. 


Therefore {a i (X dx + Y dy), (9) 
which is the form (7). 

As another illustration, suppose a fluid flowing over the plane 
XOY, the lines of flow being all parallel to XOY. We wish to 
find the amount of fluid per unit of time which flows across a 
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curve C (Fig. 63). Let q be the velocity of the fluid, a the angle 
which the direction of its motion at each point makes with OX ; 
wu =q cos a the component of velocity 
parallel to OX, and »=q sin a the com- 
ponent of velocity parallel to OY. Take 
an element of the curve MN = ds and 
neglect all infinitesimals of higher order 
than ds. In the time dt the element 
has been transferred to M’N’, where 
MM'=NN’=q dt. The amount of fluid 
crossing MN is therefore the amount in 
a cylinder of base MM’N’N. The vol- 
ume of this cylinder is hMM’'N’N sin @ 
= hq dt sin 6 ds, where h is the depth of the liquid, and 6 the 
angle between MM’ and MN. The amount of fluid crossing MN 
is therefore hog dt sin 6 ds, where p is the density. Hence the total 


amount crossing MN is } 
h at fog sin 6 ds. 


To put the integral in the form (7), note that if @ is the angle made 
by MN with OX, @=¢-—a. Therefore the amount flowing across 


C it of time i 
per unit of time Is nf vp dx + up dy), aa 


where the integral is of the form (7). 

72. Plane area as a line integral. In using line integrals around 
closed curves we need some method of distinguishing between the 
two directions in which the curve may be 
traversed. Accordingly, when the curve is 
part of the boundary of a specified region, 
we shall say that the positive direction is 
that in which a person walking around 
the curve has the region on his left hand. 

Thus, if a circle is the boundary of the 

region included within it, the positive direc- 

tion is counterclockwise; but if the same 

circle is part of the boundary of region 

exterior to it, as in Fig. 64, the positive Fic. 64 
direction is now clockwise. 

With this fixed, let us now consider the integral 


f y de, (1) 


FIG. 63 
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taken in positive direction along a closed curve C which bounds 
a region of area A (Fig. 65). For simplicity we shall assume 
first that C is such that a line parallel to OY or OX meets it in 
two points or not at all, with the y 

exception of four tangents which — 
are parallel to OX or OY at points 
L, K, M, and N. Here L is the 
extreme left-hand point of the 
curve, K the extreme right-hand 
point, M the highest point, and N 
the lowest point. We draw the 
tangents LF, KB, MD, and NE. 
The integral (1), taken along C 
from L through N to K, gives the 
area FLNKB. The integral (1), 
taken along C from K through M Fic. 65 

to L, gives in magnitude the area 

FLMKB, but with a negative sign, since dz is always negative. 
Hence (1) taken in the positive direction around C gives the 
algebraic sum of these areas; namely, the area bounded by C 
with a negative sign. That is, 


A=—f yde. (2) 


D 


Consider in a similar manner the integral 


fe dy. (3) 


The integral (3), taken along C from N through K to M, gives 
the area ENKMD. The integral (8), taken along C from M 
through L to N, gives the area ENLMD with a negative sign. 


Hence , 
ee f ae (4) 
e) 
By adding (2) and (4) we have 
A= @dy—yax), (5) 


which expresses the area in terms of a line integral taken around 
the boundary of the area. 

Formula (5) has been proved for an area of simple type. It is 
readily shown to be true for any area which can be cut up into 
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areas of this type. For example, consider the area bounded by 
the curve C (Fig. 66). By drawing the lines MN and LK the 
area is divided into three areas Ai, A2, As, to each of which 
formula (5) applies. By adding these results we have the area A. 
But examination of the arrows 
shows that the curves MN and 
LK have each been traversed 


FIG. 66 


twice, in opposite directions. The integrals along these lines 
therefore cancel, leaving only the integral (5) around C, traversed 
continuously in the positive direction. 

The theorem is also true for an area bounded by more than 
one curve. For example, consider Fig. 67. By drawing LK and 
MN the area is turned into one bounded by a single curve, and 
formula (5) is applied. The two inte- y 
grations along LK and MN, however, 
cancel, leaving the integrals around the 
boundary curves each traversed in a 
positive direction. 

We have also in the proof assumed 
that C did not cut OX or OY. The 
student may easily show that this is O 
immaterial. 

As an example let us first consider the area bounded by an 
ellipse and the chord connecting the ends of the major and minor 
axes (Fig. 68). 

The equation of the ellipse is 


Fic. 68 


x=acos¢, y=bsin®, 


so that on the ellipse x dy — y dx =abdd. 


180 LINE, SURFACE, AND SPACE INTEGRALS 


The equation of the chord is 


b 
=—- b 
7] poms , 
so that on the chord, 2x dy —ydx=-— bdz. 
Hence 
1 1 (3 aif ab ab 
A=s f @dy—yde)=5 [ ab dd +5 i (— bdz) = Tr at 


ne 


Fic. 69 Fig. 70 


Again, consider the area of the triangle OP) P2 (Fig. 69). 
The equation of OP; is y= a so that along OP, xdy— ydzx=0. 
1 
Similarly, along OP2, x dy— ydx=0. The equation of P;Pz2 is 
y—-yn =2 4 e_-2m), 
4 A ip 
so that along P;P2, 


xdy—ydx= jy — Be ae, 


L2 — Uy 
Hence 
iL Ly = Bs 
=5 f wdy—yde) =5 [ [on — B= 2, — Sa Ba 
2 - 2 vy t2 — X Dp 


Finally, consider the area of the figure OP;P:2 (Fig. 70) when 
the curve P;P2 is given in polar codrdinates. Along this curve 


x=rcos@, dx=cos 6dr—r sin 6 dé, 
y=rsin0d, dy=sin 6dr+rcos6dé0; 
whence x dy—ydx=r? dé. 
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Along the lines OP; and OP2 we have, as shown in the previous 
example, « dy— ydx=0. Therefore 


9. 
A=4f (edy—ydx)=3f r? dd, 


the familiar formula of polar codrdinates. 

73. Green’s theorem in the plane. Consider a region R bounded 
by a curve C (Fig. 71). We shall assume for convenience that any 
line drawn through R meets in C in 
two and only two points. If the line is 
parallel to OY, one of these, for which 
y = yi, 1s on the lower boundary of R, 
and the other, for which y = yo, is on 
the upper boundary. Let-a and 6 be 
the extreme values of x for points in R. 

Let P(x, y) be any function which 
is continuous in R and on C and for Fic. 71 


which a is continuous. We shall consider the double integral of 
7] 


a over the area R. Then, by (2), § 66, 


eas ai | dy 
= ie [P(x, y2) — P(x, yi) ]dy 
ae i) Bpatyody If "P(x, yo)dy. (1) 


But by the definition of a line integral the expression on the 
right in (1) is exactly the line integral of P dy around C in the 
positive direction. 

Hence we have ii fz us dx dy = — fi P dz, (2) 

(R) (C) 
where the indices R and C are used to denote the region and 
the curve over which the integrals are to be taken, and where 


the direction along C is to be positive. ; 
Similarly, if Q is another function of x and y continuous in R 


and on C, and such that a is continuous in R, we may show that 


Ne dx dy = { Qdy. (3) 


(C) 
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By continuation of (2) and (8) we have, finally, 


I[(G- A) aedy=— [wae +a), (4) 


(R) (C) 

We have proved this result for a simple region R. It is easily 
extended, as in § 72, to regions of more complicated form. This 
is the first form of Green’s theorem. 
Modifications of (4) follow. B 

Let a be the angle made with OX 8 
by the positive direction of C, and B 4 
the angle made with OX by the normal 
drawn outward. 

Then, as shown in Fig. 72, for any 


point of the curve Fic. 72 
Tv 
= 2 = B, 
and qs 7 COS Y= — Sin B, 


d 5 
oe rain = COND: 


ds 


If F is a function of x and y, its derivative in the direction along 
the outward normal to C is, a § 35, 


dF ce OF dy oF dz 


ee oF cos B+ Pies COE Ree Tr (5) 
In (4) we may put sume g= =, 
2 
and have SV (Ge Hie? cs dy Se dy — ode); (6) 
ey 2 
whence, by (5), — ds = Al if (+ al 5a) dx dy. (7) 
Again, if we Bie in (4) 
Boas Q=G aL 
oy Ox 


OG OF OGOF 
t pom 
WEBS I a Capea = ae ras oy lax dy 


-ffo o(S44 g Fa) ae dy. (8) 
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The equations have special interest when F is a function which 
satisfies Laplace’s equation 


OF  O°F 
O22 | Bye 
In that case (7) becomes {> seme hope \). (9) 
(©) 


This discussion will be continued in connection with the treat- 
ment of Laplace’s equation. 

74. Dependence upon the path of integration. Consider a region 
R which shall have the property that any curve in it connecting 
two points may be gradually deformed into any other curve 
connecting the same two points without passing out of the region. 
Such a region is called s¢mply con- B 
nected. A region shown in Fig. 67 is 
evidently not simply connected until 
the cuts NM and LK are made, when 
it becomes simply connected. 

We are to inquire under what con- 
dition a line integral connecting any C, 
two points A and B of such a region 
depends only on these two points and 
not on the curve which connects them. 4 
It is evident in the first place that if 
the line integral along the curve C; from A to B (Fig. 78) is 
equal to that along C2 from A to B, then the integral along the 
closed curve which we may form by going from A to B along C; 
and from B to A along Ce is zero. Hence, since the points A and 
B may be any two points and the curves C; and C2 any two 
curves, the statement that the line integral between two points 
is independent of the path is equivalent to the statement that 
the line integral around any closed curve is zero. 

It is evident that in a simply connected region any closed curve 
bounds a region to which the results of § 73 may be applied. 


oP 
That is, if — By 


for any closed path C inclosing a region T, 


fe dz +Q dy) = foe! x dy. wy 


(C) 


Fic. 73 


and a are single-valued and continuous in R, then 
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P 0 
It is first evident that if oo — ug 
Oy Ox 


the integral on the left of (1) is zero. This is then a sufficient 
condition that a line integral around any closed path in RP is zero. 


= 0 at all points of R, then 


0 0 
The condition is also necessary, for suppose 27 — a were not 


zero at some point. Then it would be possible to take T so that 


P ; ; : : 
ve — ‘ would be of the same sign at all points in 7’, since the 
y Hy 
functions concerned are by hypothesis continuous. Hence the 
integral on the left of (1) could not be zero. Therefore we have 


the following theorem : 


In a simply connected region in which P, Q, and their first partial 
derivatives are continuous, the necessary and sufficient condition that 
the integral 


[ear +edy) 


around a closed path should be zero and that the integral along a 
path connecting two points should be independent of the path is 


As an example, consider 


ot) | 
ee oy are zp 


OP 0Q ae — 27? 
Here Pn Gi nay 
P and Q and their derivatives are discontinuous at the origin, 
and hence the theorem may be applied only to simply connected 
regions which do not contain the origin. In other words, the 
integrals along any two paths which do not inclose the origin is 
the same, but the integral around two paths which do inclose the 


origin is not necessarily the same. This may be verified directly. 


———>-5 and the condition is met. But 


For if we use polar codrdinates the integral becomes jf dé, and 6 


returns to its original value after traversing a path which does 
not surround the origin but is increased by a multiple of 2 7 for 
any path surrounding the origin. 
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75. Exact differentials. We have already seen, in § 36, that 
Se (1) 


is the necessary and sufficient condition that 
Pdx+Q dy 


is the exact differential of some function ¢. By the use of the 
line integral we may establish this result independently of § 36. 
In the first place, the condition (1) is necessary, since if the func- 


tion exists such that dé = Pdx+Q dy, (2) 
OP 0° . 0Q 
h A eee 
then dy. Ox dy ox 


We shall proceed to show that, conversely, if (1) is satisfied 
for any two functions P and Q, there exists a function ¢ for which 


Ob _ Oo _ 

re oy 
and therefore Pdx+Qdy=dd. 

Consider for that purpose the integral 
(x, y) 
[ea +ea), (3) 
(Zo, Yo) ; 

where (%o, Yo) is a fixed point Mo M(e,y) Q(x+h.y) 


and (z, y) is a variable point M. 
Under the assumption that (1) is 
fulfilled, (3) is independent of the 
path, and its value is therefore 
determined when (z, y) is given. 
Hence, by the definition of a func- 
tion, we are justified in writing 


(x, y) 
[eae + Qa) = 4@, ». (4) 
(Xos Yo) 
(x-+h, y) 
Then f ‘ (P dx + Q dy) = (a +h, y). (5) 
(Xo, Yo) 


Since this integral is independent of the path, we may take the 
path as made up of a curve drawn to M and a line MQ parallel 
to OX from M to @ (Fig. 74). Then 


(a +h, y) 
ie Hen Oy) + He "eae ted). 
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In the last integral of (6) y is constant. Hence dy=0 and 


(6) becomes (ath, y) 
p(x i h, Y) 7; p(x, Y) = an P(e, y)dx 
x,y 
the last transformation being made by the theorem of the mean. 


Then Lim = Lim P¢é, y); 
h0 h f+ 
7 
whence ay pa (2, a) 
Ox 
Similarly, we may prove that 
Op 
Hite Q(x, y). 
Wehavetherefore provedthe theorem. Y 
The discussion also suggests a method M(2,y) 


for determining @. Since @ as defined 
by (4) is independent of the path, we 
may take the path as composed of MoR 
(Fig. 75), parallel to.OX, along which MA(%,Yo) R(x, Yo) 
P dx+Q dy = P(x, yo)dx, and the line 
RM, along which P dx+Q dy=Q(a, y)dy 9 


with x constant. We have, therefore, Fic. 75 
x y 
ot, =f Pe, wae + [ Qe, way, ) 
Xo Vo 


where in the last integral x is constant. 
Similarly, by first integrating parallel to OY and then parallel 
to OX, we have 


oe, N= Pe, wart [Qlco, vide, (8) 


where in the first integration y is constant. 

The point (7, yo) may be chosen in a manner to make the 
integration as simple as possible, since a change in (xo, yo) simply 
changes the constant of integration. Of course a point (xo, yo) 
must be avoided which would make P or Q infinite or discontinu- 
ous along the path of integration. 

As an example, consider 


(423 + 10 ay? — 8 y*)dx + (15 22y? — 12 zy? + 5 y*)dy. 
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me Ob = eQ : : 
ere dy ae oe 30 xy“ — 12 y°. We may take (xo, yo) as (0, 0), 
and, using (7), - 


y 
o(x, y) =] 42° dz +f (15 x?y? — 12 xy? + 5 y*)dy 
0 0 
= 2*+ 5 xy? — 8 ay* + y°. 
Again, consider 
T Yy ) 1 
= — —— } dx + ———. dy. 
(= a Vy? — x2 uae Y 
Here isa lS 


We cannot take xo as zero, since P is then infinite. We may, 
however, take (xo, yo) as (1, 0), and, using (7), 


o@, =f sde+ f 
: 1% 0 Vy2— 22 
= log x + log (y+ Vy2— 22) — log xV—1 
= log (y+ Vy? — x2) — log V— 1. 


Here log V— 1 is a constant (§ 140) which may be dropped in 
writing $(x, y). Asa check take (xo, yo) as (1, 1). Then 


71 1 y dy 
ot eee ee 
(2, ¥) J E x — a 1 Vy? — 2? 
EN / Te 
= log 2 + log ~*—* + log (y + Vy? — x?) 


— log (1+ V1 — 2?) 
= log (y+ Vy? — 2”). 


76. Area of a curved surface. We have seen in § 53 that if a 
surface is defined by the equations 
x= fi(u, 0), 
y = fou, »), (1) 
Z= f 3 (u, v), 
the element of area may be taken as 


dS = VEG — F?2 du do. (2) 


In fact, we define the area of any portion of the surface (1) as 


the integral 
s= | {VaG—F dud, (3) 
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the integration to be extended over the portion of the surface 
considered. 

We have laid down somewhat arbitrarily the definition of a 
curved area. Its validity will depend upon the fact that the 
number obtained for S is independent of the codrdinate system 
used. This may be shown to be true, but we shall omit the proof. 
It may be shown without difficulty by the student that our defi- 
nition gives the usual result for elementary surfaces the areas of 
which have been found by other methods. For example, the 


equations x =acos @sin ¢, 
y =asin 6 sin ¢, 
z2=acos ¢, 


define a sphere of radius a. The entire surface of the sphere is 
obtained by allowing ¢ to vary from 0 to z, and @ to vary from 
0 to 27. Hence, if =u and d=, 


E=a’sin?¢, F=0, G=a, 
20 
and j= | if a’ sin ¢ dé dd = 4 ra’. 


A particular case of equations (1) is 
C=; 
y—?, (4) 
z=f(u, ») =f(x, y). 

In this case the codrdinate curves on the surface are the curves 


cut out by planes parallel to OZ and making elements of area 
Oz Oz 


dx dy on the XOY plane. If we place, as usual, p = an Gs ay’ 


wehave B=1+p,  F=pq, G=P+q"3 
whence dS = V1+ p?+ q?2 dx dy. (5) 


From § 47, if a, 8, y are the angles made with the axes of 
x, y, z by the normal to the surface at the point (x, y, z), we have 


cos Y = pee es 
We ala OE 
and (3) becomes dS = sec y dx dy, 
or dx dy = cos y dS. (6) 


From this it appears that dS is rigorously the portion of the 
tangent plane which projects upon the rectangle dx dy, so that 
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the area of the surface is considered as the limit of the sum of the 
areas of such portions of tangent planes. 
Similarly, in the case 


aa 
y=fu, ») =f(@, 2), 
2=. 
we have is= A) + @) + (sy dz dx; 
02, Ox 
whence dz dx = cos 6 dS, (7) 
where dS projects upon the plane XOZ into the rectangle dz dx. 
Again, if x= fu, v) =fly, 2), 
¥=—4, 
=, 
ds = 1 + (2) re (2) dy dz ; 
oy 0 
whence dy dz = cosa dS. (8) 


In the use of formulas (6), (7), and (8) it is convenient to 
consider dS as always positive. Then the projections dz dy, 
dy dz, or dz dx will be positive or negative according to the sign 
of the cosine factor. 

Consider, for example, the sphere 

x7 + y? + 2? = a?. 

If the normal is always drawn outward from a point on the 
sphere, and vy is the angle between this normal and the positive 
direction of OZ, then in the use of (6) the projection of the upper 
hemisphere is positive and of the lower hemisphere is negative. 


Consequently, for the upper portion of the sphere we have, by the 


use of (5), be 


ds = — dra. (9) 
V a2 — v2 a, y? 
If we wish the area cut out of the upper part of the sphere by 
the cylinder a? + y? — ax =0, 


we have to compute the integral 


Vaz — x? 
s= ff ee 
ax — x? a? — 42 — y? 
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This is best done by using polar codrdinates in the plane. Then 


ae ar d6 dr = P(e 22) 
ies 0 JO Va? — r? 


77. Surface integrals. Let F be a function which is defined for 
each point of a surface S; then 


if rds (1) 


is a surface integral, the summation taking place over the surface. 
Here F may be given as a function of (u, v), the curvilinear 
coordinates on S. Then (1) may be written 


[fF 0) VEG — F? du do. | (2) 


Or F may be given in terms of (x, y, z), and its value on the 
surface then determined by the equation of the surface. This 
gives various forms of the surface integral. For example, we may 


have 
i if F(x, y, z) cos y dx dy, (3) 


where z and cos y are to be computed from the equation of the 
surface S. In (8) we may place 


F(x, y, Z) cos y = R(2, y, 2) 
and have the form it if R(x, y, z)dx dy. (4) 


In (3) or (4) dx dy is to be taken positive or negative according 
to the law of projection given in § 76; that is, according as cos y 
in (8) is positive or negative. 

Again, we have as surface integrals on S 


ip He P(a, y, z)dy dz, (5) 


‘f Q(x, y, 2)de dx, 6) 


where dy dz=cosadS, dzdx=cos 6 dS, and the signs of the 
differentials are to be determined as in § 76. 
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In applications surface integrals frequently appear as the sum 
of the three integrals (4), (5), and (6); namely, 


ff Pay de+@ de de + Raz dy), (7) 


which is the same as 


f, (P cosa+Qcos 8+ R cos y)dS. (8) 


As an example, suppose fluid flowing across the surface $ with 
a velocity v. Let PQRS be an element of the surface dS and let 
the lines of flow be as indicated in Fig. 76. In the time dt the 
particle of fluid at P will flow to T, 
where PT =vdt. Hence the vol- 
ume of fluid flowing in the time dt 
across dS is equal to the volume of 
the figure PQRS-TUVW. Consid- 
ered as an infinitesimal prism this 


volume is n dt dS cos ¢, 
where ¢ is the angle between PT and the normal PN to the sur- 
face. The amount of fluid in this volume is 

pv dt dS cos ¢, 


where p is the density. The amount flowing across the entire 
surface in the time dt is therefore given by the surface integral 


dt If pv cos ¢ dS, (9) 


where v and cos ¢ are functions defined for each point on S. 
The integral (7) may be transformed as follows: By the law 
of composition of velocities . 


v COS d = Un = 0, COS a + v, Cos B + v, COS Y, 


where v, is the component of velocity normal to S; vz, vy, vz are 
the components of velocity parallel to OX, OY, OZ; and cosa, 
cos B, cos y are the direction cosines of the normal to S. Hence 
the surface integral in (9) may be written 


dt i p(v,cosa-+ v, cos B + v, cos y)dS, (10) 


or dt di iP (00, dy dz + po, dz dee + po» dx dy), (11) 
where the signs of the differentials in (9) must be taken as in § 76. 
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78. Green’s theorem in space. Let R be a function of x, y, and z 


and consider the integral OR 
ih i — dx dy dz (ls 
Oz 
3 ; R ; 
taken through a volume T in which R and De are continuous. 


Let us first suppose the region 7 bounded by a surface S which 
projects upon the XOY plane into a region S’ such that a straight 
line drawn parallel to OZ from any point in S’ meets S in two 
and only two points (Fig. 77). Let 2: and 2 (z1 < z2) be the values 
of z at these points. Then the integral (1) may be written 


22 OR 
i; ue de dy {de = i fi rie(@, ¥ 24) — Rey) Allee dye) 
co (S’) 


(Ss) 
Let the normal to the surface be drawn outward at each point, 
let a, B, y be the usual angles, and let y = y; when z= 2 and 
Y = Y2 when z= 2. Then it is Z 
evident that yy; is obtuse and 
that ye is acute. In (2), how- 
ever, dx dy is positive from the 
nature of the triple integral 
involved. Hence we have, if 
dS is the positive element of 
area on the surface, 


dx dy = — cos yi dS 
when z= 2, 

dx dy = cos y2 dS 
when z = 22, 


and then (2) may be written Fic. 77 
[fee Y, 22) + R(a, y, 21)] cos y dS. 
(S’) 


But this is simply the surface integral of R cos y over the sur- 
face, and hence we have 


[[f Fae ayaz= [fr cos yas. (3) 
(S) 


(T) 
Finally, in (8) place cos y dS = dx dy, and we have 


JJ Gea dem [fr dod (4) 


(S) 
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In (4) dx dy is to be given a sign in accordance with the conven- 
tion of § 76. This makes an essential difference between the right- 
hand side of equation (4) and the right-hand side of equation (2). 

We have assumed for convenience a simple form of the volume 
T. It is easy to extend the result to volumes which may be split 
up into volumes of this type. This we leave to the student. 

In the same manner we have 


Iai teint [[oamsus~ [ose (5) 
i cay isn [fremass- [fant (6) 


By dine (4), (5), and (6) we obtain the result which is most often 


in use: Sher e + Sa NPE 


= a eee 
(S) 

=| [(P dy de+Q dz de + Rede dy). (7) 
(S) 


This is one of the relations which are known as Green’s theorem. 
As an illustration of the meaning of (7) let us consider the integral 


[ft — yz)dy dz — 2. x”y dz dx + z da dy] (8) 


taken over a cube of side equal to a, three of whose edges lie along 
the codrdinate axes. Applying (7), this is equal to 


a a a 5 
[ff @x-2a8 + Dae dy da= Ft a. (9) 
0 0 0 


On the other hand, proceeding directly and considering 


ii “if (x* — yz)dy dz, 


(S) 
we have dy dz positive on the face x =a, negative on the face 
z = 0, and zero on all other faces. Hence the integral is 


ike —ydy det [° [yedy de =a. (10) 


In the integral [i (— 2 x?y)dz dx 
(S) 
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dz dx is positive on the face y=a, negative on the face y=0, 
and zero on all other faces. Hence the integral is 


a , i “(— 2 an?)dz dx = — 2 a. (11) 


In the integral z dx dy 
(S) 


dx dy is positive on the face z = a, negative on the face z = 0, and 
zero on all other faces. Hence its value is 


if if a dx dy =a’. (12) 
0 0 


Combining (10), (11), and (12), we find the result (9). 

As an application consider the surface integral as given in 
(11), § 77, for the amount of fluid flowing out across a surface in 
the time dt. This must be equal to the loss of fluid in the volume 
bounded by the surface. The amount of fluid in an element 
dx dy dz at the time t is p dx dy dz and in the time ¢+ dt it is 


(o+ o dt)dx dy dz. The loss in a single element is, then, 


Op 
Raeap oP dt dx dy dz, 


and in the whole volume it is 


= at fff ae dy ae. (13) 
(T) 


But the surface integral in (11), § 77, may be transformed by 
means of (7) into the space integral 


di i i if (“ee ee i aa haha (14) 


The two integrals (13) and (14) are equal, and hence we have 


O(pvz) 4 Her) O(pvz) 
SN Ce By Sires De +2) ae dy de =0. (15) 


Now (15) is to be true for any volume 7, no matter how small, 
within which the integral is continuous. Hence the integrand 
must be everywhere zero, for if it were not, it would be possible 
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to find a volume for which (15) would not be true. We have, 


therefore, 0 (pz) i 0(pv,) 2(p0z) 42 a 9 (16) 
Ox oy Oe: | i 
the so-called equation of continuity in hydromechanics. 
In the particular case of a liquid for which p = constant, equa- 
tion (16) becomes a be Ov, 


=. (17) 


79. Other forms of Green’s theorem. Let F(x, y, z) and G(z, y, z) 
be two functions which are continuous and have continuous first 
derivatives in the region in which S lies. Then the derivative of 
F normal to S is, by (10), Be 


ok = ak — COS @ + 7 008 B +2 = cos y. (1) 
dn ox 
* oF OF 
In (7), § 78, let us place P = pee = Q= Ga eS Gs We 
obtain, with the use of (1), oy 


OGOF ._0GO0F 0G =) 
is a d 
Nees eS ~Saeee ox ES oy T Oz Oz ae 
2 2 2 
[lla f cf ae u s)dedy de, (2) 


another form of Green’s milteilin ; 
It is allowable in (2) to place G= 1. We then have the simpler 


2 2 2 
tm ff asm [CEE uo 
0 


Also, in (2), we may interchange F and G and, subtracting the 
new result from (2), have 


[Ne 5n) [LN Ge + ae oe) 


A 2G 0’G 
- ( Le: oa ae oe) [ae dy dz. (4) 


The results (2), (3), and (4) take ive forms if F and G are 
functions which satisfy the Laplace differential equation 
Ho , Po , ob 
Sh a nN ae 
Ot macy *0z 
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For example, (3) then gives 


{{F eI 0. (5) 


(S) 


As an application consider a charge of electricity e at a point 
(a, b, c). The potential at a point P(x, y, z) at a distance r is 


where r= V(e—a)?+ (y— db)? + (2—0)2. 


Then for a region T which does not contain (a, b, c) we have 
formula (5). But if the region T contains (a, b, c) the formula is 
not applicable, since F is discontinuous when r=0. We will 


compute i if dF 
= hs 
dn 


directly for a sphere of center (a, 6, c) and radius r which we will 
denote by 2. We have for this sphere 
dk TF  <d (‘)= ere 


dn dr dr 


, 


r2 


where the normal is drawn outward from the sphere, and on the 
sphere r = 7. Hence 


dF e 
[[qeS=-affas=—4r6 (6) 


(2) (2) 


Consider any surface S surrounding (a, b, c) and Conenied a 
sphere 2 about (a, b, c) as a center. In the region T, bounded 
by S and 2, formula (5) applies. Hence 


Wasi < ds = 0. (7) 


In the second integral of this formula the normal must be 
drawn outward from T and therefore into the sphere ©. Hence 
the sign of (6) must be changed, and (7) gives 


Sf Fas=—4 ne (8) 


(S) 
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In the same manner, if we have n charges of electricity ¢1, e2, « - , 


én at points (a1, bi, ci), (a2, be, c2),+++, (dn, Dny Cn) inside of S, 
we find that 


dF 
a Gn a teat: + en) = — 4 we; (9) 
or if we place N = ——- the normal force or intensity perpen- 
dicular to S, then ye 


{0 N dS =4 we. (10) 
(S) 


We will apply (10) to finding the intensity N due to a spherical 
conductor of charge e. Take as the surface S a sphere of radius R 
concentric with the conductor and surrounding it. By symmetry 
the intensity N is constant on S. Hence (10) gives 


Nf [as=42RN =4 xe; 


(S) - 
whence N= ri 
Again, we will apply (10) to finding the intensity due to an 
infinite circular cylinder of charge e per unit length. Take as the 
surface S a circular cylinder of height unity and radius R the 
axis of which coincides with the axis of the conductor. The charge 
inside S is then that on a unit length of the conductor, it being 
assumed that R is greater than the radius of the conductor. 

On the upper and lower bases of S we have N = 0, since the 
force is perpendicular to the conductor by symmetry. On the 
curved surface of S, by symmetry, N is constant. Hence we 
have, from (10), 
v ff as =27RN = 4703 

(S) 2e 
whence i 


80. Stokes’s theorem. If P, Q, and RF are three functions of 2, 
y, and 2, the line integral 


fPde+Qdy + Rae) (1) 
(©) 
along a space curve C is defined in a manner precisely similar to 
the definition of a line integral along a plane curve. 
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Let C be a closed curve, and let a surface S be bounded by C. 
Let the equations of S be in the general form (1), § 53, and for 
convenience let us write 


RO ip OR ty een OUI sy 8 OU es ata tea mee 
tu Fup ee Oe a On Bulk poenen aa Cie Mae 


Then we have 


fP dx =f (Px. du + Px, dv) (2) 


(C) 
0 0 
= ~Vla (P2xu) — Ou (Pry) | du dv, (8) 


since the argument which was used to obtain (4), § 73, may be 
transferred without change to the surface S with the curvilinear 
coordinates (wu, v). The expression - is easily reduced to 


f Pdz=— L ff E (LuYo — nyo oF (tute — trate) du dv; (4) 


(C) 


whence, by (11) and (9), § 53, 


fren [ie cos Y — —— = cos 8)ds, (5) 
Similarly, f Q dy =— 5‘ il (3 cos a — oe cos 1)as, (6) 
() (S) 
OR OR 
d =— — —-— 
an fe dz Ie cos 6 By cos a)ds. (7) 


(C) 
By adding (5), (6), and (7) we have Stokes’s Rovia namely, 


fe de+Qdy+ Rds) = ~e-3 Fn) e05 
(C) 


aR _ ap ap _ 0 
eee an 5-+(2 ~ Jes ves a 


A word about signs is necessary. A change in the direction in 
which the line integral is taken would change the sign of the left- 
hand member of (8), and a change in the direction in which the 
normal to the surface is taken would change the signs of cos a, 
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cos B, cos y and therefore change the sign of the right-hand 
member of (8). Hence there must be a relation between the direc- 
tion of the normal to the surface and the direction of integration 
around the curve. From the proof it appears that the relation 
between the normal to the surface and the direction of integra- 
tion must be the same as the relation between the normal to a 
plane and the direction of the integration in § 73. Hence an ob- 
server standing with his feet on the surface and his head in the 
direction of the normal will see the integration around C taken in 
the positive direction. 

From equation (8) it follows, by arguments similar to those of 
§ 74, that in a simply connected region of space in which P, Q, R 
and their derivatives are single-valued and continuous, the neces- 
sary and sufficient conditions that the line integral (1) between 
fixed limits should be independent of the path connecting those 
limits, and that the same integral around a closed path should 
SESE et es _@R OR OP (9) 

dy dx Oz Ody Ox oz 
If these conditions are met, the line integral 


(x, y, 2) 
if ; (P dx +Qdy-+ R dz) 


(Zo, Yor Zo) 


defines a function ¢(2, y, z) such that 


Ee OP pink Ps (10) 

Ox oy Oz 
as is easily shown by the methods of § 75. 

Conversely, if there is a function ¢ for which equations (10) 
are true, then equations (9) follow immediately. Hence equa- 
tions (9) are the necessary and sufficient conditions that such a 
function ¢ exists, or, in other words, that Pdr+Qdy+R dz 
is an exact differential, so that we may write 


Pdzet+Qdy+kdz=d¢. (11) 
Apply this to a field of force in which the components of force 
at each point are X, Y, Z. By definition the force has a potential 
V if there is such a function V that 
OV 
tro ae 
Ox oy Oz 
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From the discussion given above the necessary and sufficient 
conditions for this are 


Ox oY oY OZ OZ OX 


oy Ox Oz ~ Oy Ox Oz’ 


and we have, then, Xde+Ydy+Zdze=—dv. 


The work done in passing between two points (20, Yo, 2) and 
(i, Hi, 21) 18 


(®1, V1» 21) (Hy, VY» 21) 
f (Xde + ¥dy + Zz) == fi dv 
( 


(Zor You 20) Lor Yor Zo) 


= V(2o0, yo, 20) — V(%1, #1, 21). 


The work done is then independent of the path and equal to 
the difference of potential between the beginning and the end of 
the path. 

Again, if P= Qt — Te, 


are the components of velocity of a liquid, that velocity is said 
to have a velocity potential ¢ if there exists such a function ¢ that 


od op op 


=; —=ly, —=?». 
OL oye Oe 


In this case the motion of the liquid is called irrotational, 
whereas motion without a velocity potential is called vortex 
motion. The necessary and sufficient conditions for irrotational 
motion are that v;, v,, vz, satisfy the relations 


vz Ody: Ody _ Ove Ov, 00z 


Oy ox oz oy! Ox Oz 


From (17), § 78, it appears that @ must satisfy the partial differ- 
ential equation 
0? Oo he 
i ar att oe AL oe =a 


In hydromechanics the integral 
ff (ede + vy dy +0 de) 
along any path is called the circulation along that path. It 


appears that for irrotational motion the circulation around a 
closed path is zero. 
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; EXERCISES 
1. Find the value of 


(1, 2) 2 2 
ft (Eat y)dx + 2 ay? dy] 


along the following paths: 


(1) A straight line. 

(2) A parabola y? = 4 2. , 

(3) A portion of the x-axis and a straight line perpendicular to it. 
2. Find the value of 


(1, 3) . 
if [y? dx + (xy — x?)dy] 


0, 0) 
along the following paths: 
(0) 07 = Syee 
ya =9 © 


(3) A portion of the y-axis and a straight line perpendicular to it. 
8. Find the value of 


ih OC a? — y2)dx + x dy] 


0, 2) 
along the following paths: 
(1) A straight line. 
(2) A circle with center at O. 
4. Find the area of the four-cusped hypocycloid x= a cos’ ¢, 
y =asin® ¢. 
5. Find the area between one arch of a hypocycloid and the fixed 
circle. 


6. Find the area between one arch of an epicycloid and the fixed 
circle. 
a(1 — *) pm at(1 — t?) 
Tare entire 
corresponding to values of t between — 1 and + 1. 


7. Find the area of the loop of the curve x = 


8. Find the area of the segment of a circle of radius a cut off by a 
chord } units from the origin. 


9. Show that the integral 


ia x(x + 2 y)dx + (8 2?— y?)dy] 


is independent of the path, and find its value. 


@w/2xe2—y 2Y +x 
1,0) ee dn + SE ) 


is independent of the path, and find its value. 


10. Show that i 
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(2, 1)/1 1 
11. Show that (EE ae we -y dy) 


1, 0) x" 
is independent of the path, and check by evaluating for two different 
paths. 

12. Find the area of the surface cut from the cylinder y? + 2? = a? 
by the cylinder x? + y? = a’. 

13. Find the area of the surface of a sphere of radius a intercepted by 
a right circular cylinder of radius 4 a if an element of the cylinder 
passes through the center of the sphere. 

14. Find the area of the surface of the cone x? + y? — z? = 0 cut out 
by the cylinder x? + y? —2ax=0. 5 

15. Find the area of that part of the surface z = es 


2 
Y' the projec- 


tion of which on the plane XOY is bounded by the curve r? = a? cos 2 0. 
16. Find the area of the surface cut from the paraboloid y? + 27 = 4 ax 
by the cylinder y? = ax and the plane x = 3 a. 
17. Find the area of the surface of the cone z?+ y? —427=0 cut 
out by the cylinder x? + y7-—4x2=0. 


Apply Green’s theorem to the following integrals and verify by 
direct calculation : 


18. igh (xz dy dz+ yz dz dv+z? dx dy) over the sphere x?+ y?+ 27 =a?. 
19. Afi (xdydz+ydzdx+zdzxdy) over the cylinder x?+y?=a?,z=+b. 
20. fi if: (dy dz + dz dx + dx dy) over any surface. 


91. ih (x? dy dz + cs dz dx + 2? dx dy) over the sphere x?+ y?+2?=a?. 


(1, 1, 1) 
22. Compute Ime , dx+axy dy+zx dz) along the following paths: 


(1) A aaa Tine from the lower limit to the upper limit. 
(2) A broken line consisting of parts parallel to the axes. 


et ’ aT 1) 
23. Compute ve , we dx + zx dy + xy dz) along the same paths as 


0, 0,0 


those given in Bx. 32. 
24. Show that 


J(P de + Q dy + Rdz) = = { VP? + @ + R? cos 6 ds, 


where ds is the element of arc of the curve and @ is the angle between 
the curve and the direction P:Q: R. 


25. If F satisfies Laplace’s equation, show that 


Us (2) ++ joa prt 


(Tf) (S) 


CHAPTER IX 
VECTOR NOTATION 


81. Vectors. A vector is a directed magnitude. Examples are 
force, velocity, acceleration. A vector may be graphically repre- 
sented by a portion of a straight line with a definite length and a 
definite direction. The position of the line is unessential. Two 
vectors are equal if they have the same 
direction and magnitude, no matter how 
they may lie in space. One vector is the 
negative of another if the two have the 
same length and opposite directions. 

A scalar is a magnitude without direc- 
tion. Examples are temperature, density, 
potential. The length of a vector isascalar Pf 


res 


quantity. a 

It is customary to represent vectors by 
Greek letters, a, 8, y,---, or blackface a, Fic. 78 
b, c,---. The length of a vector may then 


be denoted by |@| or |a| or the corresponding lightface letter a. 
Two vectors are added by the law of composition of forces or 

velocities. Thus, if a and £6 are two vectors, their sum is the 

diagonal of the parallelogram of which a 

and @ are two sides. Thus, in Fig. 78, 


y=at Bp. | (1) 


Any number of vectors may be graphically 

added by taking them in any order and B 
placing the beginning of each on the end of — 
the preceding. The sum is then the vector 
which joins the beginning of the first vector 
to the end of the last vector. Thus, in Fig. 79, Fic. 79 


G=a+B+ 7-0. (2) 


Take three mutually perpendicular directions from a point O 
(Fig. 80). Let i, j, k be the vectors of unit length in these 
203 
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directions. These directions shall be taken so that an observer 
standing with the vector k running from his foot to his head 
sees the rotation from i to j as a positive rotation. 

Let a@ be any vector from O whose projections on the three 
directions are Ai, Bi, and C respectively. 
Then, from the law of addition, 


a= Ayi+ Bij + Ck, (3) 
and ja|=WVAi?+ Bi24+Ci2. (4) 
Then, if 


B = Aoi + Boj + Cok, 
it is readily seen that 
a+ B= (A+ A2)i+ (Bi+ Bo)j+ (Ci +Co)k. - (5) 


A vector is multiplied by a positive scalar quantity by multi- 
plying its length by that quantity without changing its direction. 
It is multiplied by a negative scalar quantity by reversing its 
direction and multiplying its length by the absolute value of 
the scalar. 

Two vectors may be multiplied in two ways, giving rise to a 
scalar product or a vector product, to be discussed in the next 
sections. 

82. The scalar product. The scalar product, or the dot product, 
of two vectors a and £ is defined by the equation 


a8 = ab cos 6, (1) 
where a and 6 are the lengths of a and £6 respectively, and @ is 
the angle between them. 

In Fig. 81 let OA be the vector a, 
OB the vector 8, ON the projection 
of 8 on a, and OM the projection of a 
on 6. Then 

ab cos 0 =ON-OA=OM-OB, (2) O 
so that the scalar product of two vectors 
is the product of the length of either vector by the length of 
the projection of the other upon it. 


From (1) we have B-a=a-B, (8) 


so that the scalar product is commutative. 
Also from the projection property (2) it is evident that 


a(B+y7)=a-B+ay¥, (4) 


Fic. 80 


Fic. 81 
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so that the scalar product is distributive. From (4) it follows that 
(a+ 6)-(B+ y) =a-B + ay + 6-8 + &y, 

as in ordinary multiplication, and so for more extended products. 

From (1), a-a= a’, (5) 
so that the scalar product of a vector by itself is equal to the 
square of its length. 

From (1), if a-B=0, 
we have either a= 0 or b=0 or cos 6=0; that is, one of the 
vectors is of zero length or the two vectors are perpendicular. 
Assuming that the vectors are not of zero 
length, we say that the vanishing of the B-¥ 
scalar product of two vectors 1s the condition 
for their perpendicularity. 

It follows that “‘cancellation’”’ as em- 
ployed in algebraic equations is not legiti- 
mate for vectors. That is, if a 

a-B —evey- (6) Fic. 82 


it does not follow that 8=-+y. For from (6) we have, by subtract- 


ing a.y from each side, a-B—ay=0 


and, by (4), a-(B— 7) =0; 
whence it follows that 8 — y is perpendicular to a. This is graph- 
ically shown in Fig. 82, where the projections of y and 8 ona 


are equal. 
If i, j, k are the perpendicular unit vectors defined in § 81, then 


tj 2-117 j= 15 keke 
ij=0, jk =0, ki=0. (7) 
If a= Ait Bij + Cik 
and B = Aoi — Boj _ Cok, 
a-8 may be computed by the distributive law of multiplication 
and reduced by (7), with the result 


a-B = AyA2+ Bi Be + CiC2. (8) 
From (1) of this section and (4) of § 81 we get 
A,A2+ Bi Bz2+ CiC2 (9) 


0s Oa ere ec 2\/ Ast BO 
and the condition for the perpendicularity of the two vectors is 
AiA2 + Bi, Bo + CiC2 = 0. (10) 
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83. The vector product. The vector product, or cross product, of 
two vectors a and 8 is defined by the equation 


ax 8=vabsin 6, (1) 


where a and b are the lengths of a and 6 respectively, 6 is the 
angle between them, and » is a unit vector perpendicular to a 
and 6 and in such a direction that an observer standing so that 
vy runs from his feet to his head sees 
the rotation from a to 8 as positive. 
This is shown in Fig. 88. The length 
of the vector a X 8 is in linear units 
equal to the area in square units of the 
parallelogram determined by a and §. 
From the definition we have 


axca=0; (2) 
so that the vector product of a vector by itself is zero. In general, if 
wok =U, (3) 


the vector a is parallel to the vector 6, so that the condition 
for the parallelism of two vectors is the vanishing of their vector 
product. ; 

From the definition it follows that to interchange the order of 
the factors a and 6 changes the direction of v. Hence 


Bxa=—ax BB, (4) 


so that a vector product is not commutative. 

Also a X (8 X ¥) is not equal to (a x 8) x y, where a, B, and y 
are three vectors in general positions. For the vector B x y is 
perpendicular to the plane of 6 and y, and therefore the vector 
ax(8X vy) must le in the plane of 8 and y. Similarly, 
(a x B) X y lies in the plane of a and 6. Hence in general 


ax (6X vy) #(@x 8) x7, (5) 


so that a vector product is not associative. 
It is true, however, that 


YX (a+ B)=yxXa+y7x 8B, (6) 


so that a vector product is distributive. 
To prove this we use the fact that the projection of any closed 
surface on any plane is zero if the sign of the projection of each 
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portion is determined, as in § 76, by the cosine of the angle 
between the outward normal to the surface and a fixed normal 
to the plane. Apply this to the prism OAB-CDE (Fig. 84), 
where OA is the vector a, AB the vector 8, OB the vector a + 8, 
and OC the vector y. 

Then the vector $(@ + 8) X @ is equal to the area of AOB, the 
vector 4a X (a+ 8) is equal to the area of CDE, the vector 
6 X y is equal to the area ABED, the 
vector y X (a+ 8) is equal to the area 
OBEC, and the vector a Xx y is equal 
to the area OADC, and all these vectors 
are directed outward from the prism. 
Also the sum of the projections of these 
vectors on any line is zero, since it is 
equal to the sum of the projections of Rone! 
the faces of the prism on the plane 
perpendicular to that line. Hence the sum of these vectors is 
a vector whose projection on any line is zero, and therefore that 
vector is zero. Hence 


3(a+ B) Xa+ fax (at+B)+Bxy+yx (at+8)+ax y=0. 
Reducing this by the aid of (4), we have 
—yxXP+7x(@+8)—y xa=0; 


whence (6) follows. 
From (6) follows 


(y+6) x (@t+B)=7¥Xa+7y¥XB+6Xat+6xXxB, (7) 


as in ordinary multiplication, with the single exception that the 
order of the factors must be carefully preserved. The extension 
to any number of vectors in each factor 
is obvious. 

As in the case of the scalar product, 
so-called ‘“‘cancellation’”’ in a vector 
equation must be avoided. The equation 


a 
axy=ax<Bp FIG. 85 


leads to a X (y — 8) =0, which, by (8), means in general that 
a is parallel to y — 8. This is shown in Fig. 85, where the area 
of the parallelogram defined by a and £ is equal to that of the 
parallelogram defined by a and ¥. 
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Let i, j, k be as in § 81. Then 
1c1 = 0; ne, baat OD kx k= 0} 
ixj=—jxXi=k, jxk=—-—kxXj=i, ExXi=—-ixk=j. 
Then, if a= Ajit Bij + Cik, 
B= Aoi+ Boj + Cok, 
and we form a x 6 by (7) and reduce by (8), we have 
a X B = (BiC2 — BoC:)i+ (C1A2 — C2A1)j + (Ar Be — A2Bi)k 


(8) 


i j k 
|i Ay I Ch (le 
Ag Bo Co 


84. Curves. From the origin of codrdinates O draw a vector 
OP =r. Then, if r is a function both in direction and magnitude 
of a single parameter ¢t, the extremity of r 
describes a curve, the equation of which may 
be written r= f(t). (1) 


This may be brought into connection with 
the notation of §51 by drawing the unit 
vectors i, j, k as in § 81. Then, if x, y, z are 
the codrdinates of P, 


r= 2xi+ yj + zk, (2) 
and if the equations of the curve are those 
given in § 51 equation (1) becomes 

r=fiitfOj+fOk; (3) 

so that (1) represents in one equation the O 
three equations of § 51. 

Let P (Fig. 86) be the point corresponding to a certain value 

of ¢ and let Q be the point corresponding to t+ At. Then OP =r, 

OQ =r1r-+ Ar, and, by the law of addition of vectors, Ar= PQ. 


FIG. 86 


Be» ; F ; 
Hence a is the vector PR in the direction of the secant PQ. 


As At approaches zero as a limit, the point Q approaches P, and 
the secant approaches the tangent at P, under the assumption 
that the curve is continuous and has a tangent. At the same 
time, under the assumption that the curve has a length, the ratio 
of the chord PQ to the increment At is the same as the limit of 
the ratio of the are PQ to At. 
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Hence we may write Lim —=—, 


dr . : 
where Al 1s a vector PT with the direction of the tangent to the 
: ds ; 
curve and with a length as being the length of the curve. 


Taking 7 as a unit vector along the tangent, we have 


dr ds 
drosaae ® 
or, in differential notation, 
Gr Tuas (5) 
This result may be checked from (2) since 
dr = dri+ dyj+dzk, (6) 
which is a vector with the direction of the tangent and with the 
length AE ait, 


Let F be any function which has both direction and magnitude 
at each point of a certain region. Such a function is a vector 
function, and we may write 


R= PG, 7, 2)i + OG, y, 2)j-- Ra, y, 2): 


Then, if F makes an angle @ with the direction of the curve, 
and |F|= F, we have F-dr= F cos ¢ds, which is the product 
of the projection of F on ds multiplied by ds. On the other hand, 


F= Pi+ Qj + Kk, 
dr = dxi+dyj+dzk; 
whence F-dr = Pdx + Qdy+ Rdz. (7) 


A simple illustration is obtained by letting F be a force. Then 
P, Q, R are the components of the force, and F-dr= F cos ¢ ds 
is the element of work done in moving through a length ds of the 
curve. 

85. Areas. A vector is a magnitude with which a definite direc- 
tion is associated. Now a plane area determines a definite direc- 
tion; namely, that of the normal to the plane. Hence a plane 
area may be represented by a vector whose magnitude is equal to 
the scalar area and whose direction is perpendicular to the plane. 
Let there be given an area of scalar magnitude A lying in a plane 
the normal to which makes angles a, 8, y with OX, OY, OZ 
respectively. The vector A is then a vector of length A making 
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angles a, 8, y with the codrdinate axes. The projections of this 
vector on the axes are, respectively, A cos a, A cos 8, A cos y. 


Hence A=Acosai+Acos8j+Acosyk. (1) 


It is to be noticed that A cosa is the projection of A on the 
plane YOZ, that A cos B is the projection of A on the plane ZOX, 
and that A cos y is the projection of A on the plane XOY. 

If we have a surface S, there is obviously no definite direction 
connected with S. There is, however, a definite direction to each 
element dS; namely, that of the normal to the surface. We have, 
therefore, a vector element of area dS where, as in (1), 

dS = cosadSi+ cos B dS j+cos y dS k. (2) 

Now, if F= Pi+ Qj + Rk 
is defined at all points of the surface S, 

F-dS = F cos ¢ dS = (Pcosa+Qcos8+ Reosy)dS, (3) 
where ¢ is the angle between F and the normal to S. 

An example is obtained by letting F = pv, where p is the den- 
sity of a fluid and v its velocity. Then F-dS is the amount of 
fluid per unit time which flows over the area dS (§ 77). 

86. The gradient. We have defined vector functions in § 84. In 
distinction, a function F(x, y, z) to which a magnitude but no 
direction is assigned at a point (x, y, z) is called a scalar function. 

We have seen in § 35 that for such a function we may construct 
a family of surfaces F(x, y, 2) =¢, (1) 


and that the maximum rate of change of F takes place in a direc- 


; : dF : 
tion normal to these surfaces and is equal to a where n is meas- 
ured along the normal. re 
Let v be a vector of unit length and let us write 


dF 
VF= cme (2) 
Then VF (read ‘“‘del F'”’) is a vector function which gives in 
direction and magnitude the maximum rate of change of the 
function F at each point of space for which F is defined. It is 
called the gradient of F. 
We have seen in § 385 that if a distance s is measured in a 
direction making an angle ¢ with n, then 


dF dF 
Asean cos d. (8) 
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We may apply (8) to distances measured parallel to the codrdi- 
nate axes and obtain 


Oz dn tn > a (4) 
where cos a, cos B, cos y are the direction cosines of the normal 
and where the change from - to e ere. is made to conform to 
usage. Hence we have in (4) the components of VF. Consequently 


OF Chee Sor. 


Mcaoriahay dale: ay (5) 
eit EPEE: 
Equation (5) may be written 
vr=(Si+Sj+en)r, (7) 
and we define Va eit Sitch (8) 


as the operator del. The manner in which del operates on a scalar 
function is shown in (7) as interpreted by (5). 
The operator V has many properties similar to those of differ- 


entiation. Thus V(F LG =VF+VG, 


V(FG) = FVG+GVF, (9) 
= (£) _ GVF— FVG 
ee G 


87. The divergence. In § 86 the operator V has been applied to 
a scalar function. That operator may, however, be applied to a 
vector function and in two ways: either by analogy to a scalar 
product or by analogy to a vector product. The first method 
gives us, by definition, 


Os are, eae, 
vP= (Ait 2 i+ Zk) (Pit Qi + Re 


_@P , 1, aR 
mice Lae Oz 
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This is called the divergence of F and is written div F. We have 


OP  0Q. OR 
i ss ey eo — re il 
div F= V-F Bei aly sueoe (1) 
If we apply this result, together with (3), § 85, to Green’s 
theorem in the form (7), § 78, replacing the element dx dy dz by 
a general volume element dV, we have 


J, Sa a ee (2) 


The reason for the choice of the name divergence may be seen by 
interpreting F as equal to pv, where p is the density of a fluid and 
v its velocity. Then each integral in (2) is the amount of fluid per 
unit time which flows out of a space region. Applied to an infini- 
tesimal volume it appears that div F represents the amount of 
fluid per unit time which streams or diverges from a point. 

88. The curl. It is also possible to combine the operator VY with 
a vector function by analogy to a vector product. The result is 
a vector called the curl of F. We have, by definition, 


ij k 
bo Ge eG 
i pede 
tht Nias Ox Oy Oz 
I (@) de 
" eS) (2-2) (2 oP 
=(5 Be | aN Oe =e - 5) @) 


If we apply this to Stokes’s theorem, (8), § 80, and use also 


(7), § 84, we have 
[Pac = J eurl F-dS =/f{v x F-dS. (2) 
. 8) 


() (S) 

The reason for the use of the word curl is hard to give without 
extended treatment of the subject of fluid motion. The student 
may obtain some help by noticing that if F is the velocity of a 
liquid, then for velocity in what we have called irrotational 
motion, curl F = 0, and for vortex motion, curl F + 0. 

It may be shown that if a spherical particle of fluid be consid- 
ered, its motion in a time dt may be analyzed into a translation, a 
deformation, and a rotation about an instantaneous axis. The curl 
of the vector v can be shown to have the direction of this axis and 
a magnitude equal to twice the instantaneous angular velocity. 
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EXERCISES 


1. If a, B, y are vectors to the three vertices of a triangle, show that 
the vector to a point two thirds of the way from any vertex to the middle 
point of the opposite side is atB+ Y. 

3 
2. Find the direction and the magnitude of each of the vectors 
en a and eee Xa. 
Qa aa 

3. Show that a-(G x vy) is the volume of a parallelepiped three 
edges of which are the vectors a, 8, y meeting in a point. When will 
the volume so computed be positive? negative? 

4. From Ex. 3 show that - 

a(BX y) = B-(y X a) = ¥-(a x 8). 
5. From Ex. 3 show that 
a(B x vy) =0 
is the condition that a, B, y lie in the same plane or are parallel to the 
same plane. 

6. Show that a-(a xX B)=0. 

7. From Ex. 3 show that the volume of a tetrahedron the edges of 
which are (0, 0, 0), (1, Y1, 21), (Te, Yo, 22), (Xs, Ys, 23) 18 


my YY A 

1 

6 |%2 Y2 22). 
%3 Y3 «23 


8. Using the unit vectors i, j, k, prove that 
(a x B) X (y X 6) = (@.¥ X 4)B — (Boy X B)a. 
9. Using the unit vectors i, j, k, prove that 
(a x B)-(y X 6) = (ay) (8-6) — (BY) (a6). 
10. Using the unit vectors i, j, k, prove that 
ax (BX y) = (@-y)B— (a-B)Y, 
(a x B) X y= (a-7)B — (¥-B)a. 
11. Given a triangle with vector sides a, 8, y, prove that 
y-y = (a — B)-(a — 8), 
and thence obtain c2? = a? + b? — 2 ab cos 0. 
12. Prove by vectors that the sum of the squares of the diagonals of 
a parallelogram is equal to the sum of the squares of the sides. 
18. Find the gradient of xyz. 
14. Find the gradient of x? + y? + 27. 
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15. Find the gradient of log (x? + y? + 2”). 
16. Prove formulas (9), § 86. 
17. Find the divergence and the curl of the vector function 
t—2i + 47j + 2k. 
18. Find the divergence and the curl of the vector function 
oe pig ae oe where r= V2?2+y?+ 27. 
is r r 
19. Find the gradient and the curl of the vector function 
(bz — cy)i + (cx — az)j + (ay — bx)k. 
20. If dr is defined as in § 84, show that 
Vi-de = dj, 
where df is the differential change in f in the direction dr. 
21. Show that the derivative (or differential) of a vector of constant 
length is perpendicular to the vector. 
22. Show that if r is a vector of unit length, then dr is a vector per- 
pendicular to r and equal to the angle d# between r and r + dr. 
23. For a curve show that C= obs 
ds? 
is a vector whose direction is that of the principal normal and whose 
magnitude is that of the curvature, and hence that 
cd Emer 
ds? R 
where R is the radius of curvature and c a unit vector along the prin- 
cipal normal. 
24. If n, t, and c are unit vectors along the binormal, tangent, and 
principal normal respectively, show that 
Ciena, 
= ae = Be (t X c) 
is a vector whose magnitude is the torsion. 
25. If a body describes a curve r=f(t), the velocity is defined as 


d. 
T= = Show that v= vr, where v is the speed ~ and 7 is a unit 


tangent vector. 
26. A vector force being defined as 
Che a) eis 
ad dt! 
show that the components of force parallel to OX, OY, and OZ are 
dt? dt? dt? 


F=m 


m 
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é ' d : 
27. Placing v = v7, where »v is the speed = and 7 a unit vector along 


the tangent, show from Ex. 25, and using Ex. 23, that 


TEEPE 
Hence infer that the moving particle is acted on by two forces: one 
d?s ; a 
equal to m e along the tangent, and the other equal to mee directed 


toward the center of curvature. 
28. Show that the vector area dA between r and r+ dr is 
dA = $(r X dr), 


and hence that = $(r X v). 


29. Show that if the force acting on a moving particle passes through 
a center O, then Pyip = 


and hence the rate of charge of A is constant. Prove the converse. 
30. If a curve is given in polar coérdinates (r, @), place 
tI =77T, 
where r is the scalar length and r; is a unit vector. Hence show that 
dr dé 
=—rn+r—n, 
Ug rrpdses Or 


where n is a unit vector perpendicular to r. 
Then show that 


dr d6\2 dr d0 <n) 
= ——— = —— ae 
‘ ml A Jas ( Gi dian) 
and find the components of F along r and perpendicular to it. 


31. A body is revolving about an axis OA with constant angular 
velocity w. Let a be a vector in direction OA with magnitude equal to 
w, r a vector from O to any point P of the vector, and v the velocity 
of P. Prove that y= Or 


32. Prove that if v is as in Ex. 31, curlv=2a. 
33. Prove that 


{{Gv-Fds =e IS: dv. 


(S) (T) 


CHAPTER X 
DIFFERENTIAL EQUATIONS OF THE FIRST ORDER 


89. Introduction. The equation 
f(x, y, ¢) = 9, (1) 
where c is an arbitrary constant, defines a family of curves, one 


curve of the family being determined by a given value of c. 
The direction of a curve of the family at any point is given by 


of 
dy _ ox. (2) 
dx of 

oy 


which in general involves c. 

By §40, equation (1) determines ¢ in general as a func- 
tion of x and y, and the substitution of this value of ¢ in 
(2) gives an equation of the form Yy 


d 
(2, 4, 4) =o. (3) 


This gives a relation between a 
point and a direction of a curve 
through that point which is true 
for any point and any curve of the 
family (1). It is called the differen- 
tial equation of the family. 

Conversely, to any given equa- 
tion of the form (38) corresponds 
an equation of form (1). This we shall prove in the following 
section, but it may be made graphically plausible as follows: 

If the codrdinates of a point P; are assigned to x and y in (8), 
that equation determines one or more directions through P; 
(Fig. 87). Following one of these directions, we may determine 
another point, Ps. If the codrdinates of Pz are substituted in 
(3), a direction is determined by means of which a third point, 
P3, is found. Proceeding in this way, we trace a broken line such 
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Fig. 87 
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that the codrdinates of every vertex and the direction of the 
following segments satisfy (3). 

Now it may be shown that this broken line approaches a curve 
as a limit as the length of each segment approaches zero, and this 
curve has the property that the codrdinates of any point on it 
and its direction at that point satisfy (3). 

Since in this construction P; may be any point of the plane, 
there is evidently a family of curves satisfying (3). The constant ¢ 
in the equation (1) may be taken, for example, as the ordinate of 
the point in which a curve of the family cuts the axis of y or any 
other line x = 2. 

90. Existence proof. Consider the differential equation 


oY = (x, 9), () 
X 


with the assumption that f(x, y) may be expanded into a power 
series in the neighborhood of x = x0, y = yo. Without loss of gen- 
erality we may take x = 0, yo = 0, since this amounts to a change 
of codrdinates, and write (1) in the form 


= doo + aot + aory + Geox? + anry + Gory? +--+. (2) 
In (2) substitute 
= Cel at Ch. (3) 


The coefficients c; are readily obtained by comparing like 
powers of x. We have 


C1 = Goo, 
2 C2 = dio + a01C1, 
3 cz = do + A11€1 + do2l1” + ao1C2, 
A C4 = A390 + daicy + ai2C1” + ao3¢1° + 2 ao2e1¢2 + G11€2 + Aoies, 
etc. 

The coefficients of (3) are then completely determined. The} 
converges, it defines a function y which satisfies equation (1). We 
must therefore prove the convergence of (3). For that purpose 
consider the equation 


dy M 


= boo + diox + boiy +--+, (4) 
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where M, r, p are determined as in § 28 with reference to the 
series (2). The function M 


Cares 
r p 
dominates the function f(z, y), so that bj, > |aix,|. Then, if we 
solve (4) by a series 
y = Cie + Cox? + C3u? +---, (5) 
the coefficients CaS) Cs: 


Hence if (5) converges, so does (3). 
But equation (4) may be solved directly, since it may be 


written 
(1-2 )ay = a Ghee 
p 1-2 
- 
y” x 
whence y—=—=-— Mrlog{1—-—}> 
2p f 
the constant of integration being so taken that y = 0 when x = 0. 
que Y =p—~|p? + 2 pMr log wee) (6) 


where we take the sign of the radical so that y= 0 when x= 0. 
Now by direct application of Maclaurin’s expansion of a func- 
tion, (6) may be expanded into a convergent series which can be 
no other than (5). Hence (3) converges. 

We have shown that for any point (%o, yo) for which f(x, y) has 
a series expansion, there is one and only one solution of (1). If 
f(x, y) is a multiple-valued function, there will be a series expan- 
sion and a solution corresponding to each value of the function. 
For example, for a] 


a ee (7) 


there will be through each point two solutions corresponding to 
the two signs of the radical. 

Also if f(x, y) cannot be expanded into a series, the proof fails. 
This may happen at a point for which f(x, y) becomes infinite or 
indeterminate. For example, consider 

d 
ae (8) 


dee 
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Our method fails for any point for which x =0,y¥+0. But 
this difficulty may be removed by writing the equation as 


and finding x as a series expansion in y. A more fundamental 
difficulty occurs when x = 0, y= 0, for then the right-hand side 
of (8) is indeterminate. In fact, the solution of (8) is 


y = cz, 
and through the origin go all the lines of the solution. 
91. Equations of the first degree. The problem of proceeding 


from a differential equation (3), § 89, to its solution (1), § 89, is a 
difficult one which can be solved explicitly only in the simpler 


cases. We shall consider in this section equations in which ay 


dx 
appears in the first power only, so that the equation is of the form 
M dx+ N dy=0. (1) 
We have the following cases: 
CASE I. Variables separable. If the equation is in the form 
fi(x)dx + fa(y)dy = 9, (2) 
the variables are said to be separated. The solution is then 
[i@dt { fandy =e, (3) 


where c is an arbitrary constant. 
The variables can be separated if M and N can each be fac- 
tored into two factors one of which is a function of x alone and 
the other of y alone. The equation may then be divided by the 
factor of M which contains y multiplied by the factor of N which 
contains 2. 
For example, (1 —-x”)dy+ (cy — ax)dx = 0 
dy x dx 


may be written a Se gee 

which gives log (y — a) —4 log (1— x”) =¢, 
Vie ir) aoe 

or log Saas caress 

whence follows y—a=k VI — x2, 


where k is an arbitrary constant. 
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Case II. Homogeneous equation. When M and WN are homo- 
geneous functions (§ 34) of the same degree n, equation (1) is 
said to be homogeneous and may be solved as follows: 

Place y = vx. Then dy =v dx + x dv, and (1) takes the form 


x"fi(v)dx + x"fo(v)(v dx + x dv) = 0, (4) 


and the variables are easily separated. The substitution x = vy 
may also be made if more convenient. 


For example, in (x? — y’)dx +2 2y dy=0 


place y= vx. There results 


dx Zvdv _ 0: 
Ca ee 
whence x(1 +7) =c. 
Replacing v by : gives the solution 
g? + y* = cx. 


CasE III. Equation with linear coefficients. The equation 


(ax + biy + ¢1)dx + (aor + boy + c2)dy = 0 (5) 
may usually be made homogeneous as follows: 
Place f= ht, y=y' +k, 


after determining h and k so as to satisfy the two equations 
ah+bk+eo=0 and asht+ bok+eo=0. (6) 
The differential equation then becomes 
(ayx’ + bry’)dx’ + (aex’ + boy’)dy’ = 0, (7) 


which is homogeneous. 

An exception to this method occurs when equations (6) can- 
not be solved for h and k. In this case a2 = kay, bo = kbi, where 
k is some constant. Then, by placing ax + by = x’ the variables 
x and x’ are easily separated and the equations can be solved. 

CASE IV. Linear equation. The equation 


dy & 


where P and Q are functions of x only, or are constants, is a 
linear equation of the first order. 


LINEAR EQUATIONS 


2a 
Since ait (yel Pa) = ef Pa CU P yes P® 
daz dx ye: , 
equation (8) may be written as 
d >. 
re (yes Pa) bred Qel Pe. (9) 
whence yes Pat — jp Qe? “dz + ¢, 
and y= Sra (aes Pian soy (10) 
For example, (1 — x?) . + xy = ax 
& 
: dy 2 ax 
may be written teak ie Oe 


he ; a ax 
which is of type (8) with P= ae! Oe reared Then 
x dx 

of Pax is ice =e sed) = cum ley, 

V1 — 22 

Therefore y=V1— Dae dx +ceV1— x2? 

—2 

=a+cvl— 7’. 
CASE V. Bernoulli’s equation. The equation 
d 
i 


where P and Q are functions of x, or constants, is a Bernoulli 
equation. It may be made linear by eying by y” and substi- 
tuting y'—” =z. pnt 


CasE VI. Exact equation. By § 36, when 


equation (1) may be written df= 0, 
the solution of which is i— Cc. 


The function f may be found either by the method of § 36 or 
by that of § BN 


(12) 


v4 
oo) 
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CASE VII. Solution by integrating factors. The equation 


Mdx+ Ndy=0 (13) 
always has a solution of the form 
F(a, y, ¢) =9, 
which, by the theory of implicit functions, may be written 
P(x, y) =¢. (14) 
0p 
dy On 
From (14) we get aed 38 
oy 
which must agree with (18). Hence there exists a function u such 
that 0d ¥. uM 
is (15) 
and oe == LN 
a us ad 
Then wCM dz + N dy) == oe ae pel dd. (16) 


The function yw is called an integrating om Our work shows 
that an integrating factor always exists, and that if an equation 
is multiplied by it the equation becomes exact. 

There are an infinite number of integrating factors for a given 
equation. For if ¢ is determined by (16), and f(¢) is any function 


of @, then f(g) (M dx + N dy) = f(¢)de =F, 


so that uf() is an integrating factor. 

No general method is known for finding integrating factors, 
but the factors are known for certain cases. We give a list of the 
simpler cases, leaving it as an exercise for the student to verify 
by differentiation that each of the equations mentioned satisfies 
the condition for an exact differential equation after it is multi- 
plied by the proper factor. 


OM ON 
Oy Ox a b , 

elf anew a f(x), then e/’™ is an integrating factor. 
am _ ON 

2. If we allt = f(y), then e-//4 is an integrating factor. 
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3. If M and N are homogeneous and of the same degree, then 


1 : : : 
FoR N is an integrating factor. 


4. 1f M=yfi(ry) and N = xfe(xy), then aa is an inte- 
grating factor. xM —yN 
5. ef 4 is an integrating factor of the linear equation 


oY + while) = fala). 


As a practical point the student should look for an integrating 
factor only after he has tried to integrate by other methods. 
As an example, consider _ 


(4 x?y — 3 y*)da + (x? — 8 xzy)dy = 0. 
eM _ aN 
oy Oi uaal 
Here N ae 
Consequently et pa x is an integrating factor. After multi- 


plication by the factor the equation becomes ne 
/ 1S & 


\ (4 x®y — 8 xy”)dx + (x* — 8 x?y)dy = 0, ahh 


4 } = ( AY fy \ d a 
ee ] bef | o) 
the integral of which is x*y — 3 2?y?=c. 4 see 
i ory ; +( QO X) ty 
Case VIII. Solution by series. Let the differential equation be \| / 
put into the form d a 
= = iC e (18) C.-4 


We may then compute 
Py of , of dy 


dx? ox oydu 
dy OF OF dy aN af ay 


7 ee Ox oy dx oy” \dx Oy dx?’ 


and all succeeding derivatives. We may then substitute the values 


x= Xo, ¥ = Yo, obtaining (#4), (4), etc., and the Taylor series 


y=w+(F Mem) +5; 5 (SB) ce - 20)? + (19) 


which is a solution of the differential equation. 


) 
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| Another way is to substitute in (18) the series 

Y = Yo + a(x — Xo) + a2(x — xo)? +--- (20) 


and determine a, d2,--- by the method of undetermined coeffi- 
cients. If f(x, y) is expanded into a Taylor series in the neigh- 
borhood of (x0, yo), equation (18) takes the form 


d 

= = co + e1(x — 40) + €2(y — Yo) + ¢3(% — a0)? 
+ a(x — %0)(y — Yo) + ¢5(¥ — Yo)? + 

Substituting from (20), we have 


ay + 2 d2(x — Xo) + 3 a3(x — x0)? ++ -- = Co + C1(4 — 20) 
+ cef[ai(a — 2%) + a2(4 — 4)? +--+] 
++ ¢3 (a — %o)~ + cae — %o) [a1 — xo) ++ - -] 
gL 0i to) | 


whence by equating coefficients of like powers of (x — xo), 


a1 = Co, 
2 @2.= C1 + CoM, 
3 a3 = C2d2 + ¢3 + cad + C504”, 
ete. 


As an example, consider 
dy ee 
de Yas 


and let us look for a series in ascending powers of x. We have 
Lo = 0, Yo = ¢, c being arbitrary. 
By the first method, aie 
rest (ow) 


v 


3y d’y a3 
B-side 
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Therefore ‘ 
ye ctx + cin? 4 ASE a? 


By the second method, place 


y=c+ax+ aor? + azx2+-.-- 
and substitute in the equation. We have 


a1 + 2aex+ 3 azz? +4 agx?+.-- 

= 2? + (¢ + mx + dex? + aga? + ---)? 

=c?+ 2 ayer + (1+ a1? + 2 aec)x? + (2 aya24+ 2 agc)x? +---; 
14+3c* c+6c° 

Ge ae iG, 


whence a,=c’, d2=c’, a3= 
as before. 

92. Equations not of the first degree. We may write equation 
3), § 89, in the form 
3), § F(z, y, p) =0, (1) 


d Bev; : : : 
where p = = This is the general differential equation of the first 


order and may sometimes be solved in the following cases: 

CASE I. Equations solvable for p. If (1) is considered as an 
equation for p, it may sometimes be solved into a number of 
distinct equations of the type 


p= o(z, y). (2) 


If f(z, y, c) = 9 is a solution of (2), it is obviously a solution 
of (1). We shall have as many solutions of (1) as we have equa- 
tions (2), and these solutions may be left distinct or combined 
into one by multiplication. 

As an example, consider 


2p? — 2 px? + (2 xy — xt — y?)p — 2(2 xy — x* — y?) = 0. 


This may be solved into the three equations 


= ee Ue ee ey 
p= 2, [ls ag pee 
the solutions of which are 
p=2xe+c, yt+2x?—cx=0, x*?-—82y+c=9, 
and the solution of the original equation may be written 


(y—2x2+c)(yt x? — cx) (2° —3 2y+c)=0. 
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As another example, the equation 


(2 V4 20 b—y= 0 


, %, Ne +? 
wee, Lhe) ame ae 


the solution of which is y? + 2 cx —c?= 0, 


independently of the sign of the radical. 
CASE II. Equations solvable for y. Solving (1) for y, we may 
have one or more equations of the form 


y¥=f(x, p). (3) 
Ditterentiating with respect to x and Penlaenee Ep I ny p, we have 
an equation of the form d 
Y 
p= (, PD, 22, (4) 


where p and x are the variables. 
Let the solution of (4) be of the form 


V(x, D, c) = 0. (5) 


The elimination of p from (8) and (5) gives an equation between 
x, y, and c which is in general the solution of (1). But the process 
of elimination may bring in extraneous factors, and the solution 
should be tested by substitution in (1). 

If the elimination cannot be performed, equations (8) and (5) 
may be taken simultaneously as the parametric form of the solu- 
tion, with p as the parameter. 

As an example, the equation 


xp” —2yp +axr=0 (6) 
may be written jp ee 
rap PA) 


whence, by differentiating, 


mee a\ (x _ ax \dp 
=3(p +5) +(§-sas) oe 


a ao) = 

or & »)( Ae 0. (7) 
The first factor gives p = + Va, and this value, substituted in 

(6), gives y=+2 Va. (8) 


This is found on trial to satisfy (6). 
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The second factor of (7) gives 


Dae 
whence p= cx. If this is substituted in (6) it gives 
re ete 

: vaste: (9) 
which also satisfies (6). 

It appears that (9) contains an arbitrary constant and therefore 
represents the family of curves which form the general solution. 
The solution (8), however, is peculiar, or singular, in that it contains 
no arbitrary constant and does not belong to the family (9). 
Singular solutions will be discussed in § 95. 

A note of caution is necessary here. The student may be 
tempted to integrate each of the equations 

p=+Va and p=cx 


instead of substituting in (6). If he does, he will find 
2 
y=t2Vatar, y= +o. (10) 


However, the constants of integration are not arbitrary, for 
substitution in (6) gives c:= 0, co= tas Hence (10) agrees with 
PA 
(8) and (9). 
CASE III. Clairaut’s equation. The equation 
y=prt+f(p) (11) 


is called Clairaut’s equation. It is a special but important case of 
an equation solved for y. 
Differentiating with respect to x, we have 


dp 
f zz 4). 12 
[e+ f'(p)]5- = 0 (12) 
The factor oY = 0 gives p=c; whence the general solution of the 


equation is y=cx+f(c), (13) 


which may obviously be written down at sight of the equation. 
Equation (13) represents a family of straight lines. The other 
factor in (12) combined with the given equation gives 


y=— pf (p) + f(p), 
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a parametric form of another solution of the equation. This is a 
singular solution. It is a curve for which the direction at any 
point is p. Hence the equation of the tangent line at a point for 
which p = c is , 

y+ef'() —f@ =cle +f], 
which reduces to y=cx+ fic). 


Hence the lines (13) are the tangent lines to the curve (14). 
For example, consider 


y=pr+avVil1-+ p?. (15) 
The general solution is 
y=cz +a V1+ ¢2, (16) 
where c is arbitrary. The second solution is 
BRED E 
~NVIi+p? 
Bee nat © 
OO NTF 


Eliminating p, we have 
a? + y? = a?, (17) 


a circle to which the lines (16) are tangent. 
CASE IV. Equations solvable for x. Solving (1) for z, we have 
one or more equations of the form 


t= oly, p). (18) 
Differentiating with respect to y and placing “ = a we have 
4 ee Y p 
ee es) - 
; PD, oF, (19) 


If this can be solved for p, the elimination of p between (1) and 
(19) gives the solution of (1). 
As an example, consider 


x—2p—log p=0. (20) 
Solving for x and differentiating with respect to y, we have 
1 
1_ (2 x =) aus 
p p/ dp 
whence dy = (2p+1)dp, 
and y=p?+p+e. (21) 
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Since the result of eliminating p from (20) and (21) is compli- 
cated, we take 2=2p+tlog p 


y=p?+p+e, 
as the parametric form of the equation (20). In (22) p may be 
given any value, and x and y may then be found. In this way the 
curve may be sketched. 

93. Envelope of a family of plane curves. In the previous sec- 
tion we have met examples of a family of curves each of which is 
tangent to the same curve. When that happens, the latter curve 
is said to be the envelope of the 
family. Obviously, any curve is the 
envelope of its tangent lines. Let 

f(a, y, €-) =0 (1) 
be a family of curves (Fig. 88), 
and let C be a curve which is 
tangent to each curve of the family 
and such that each point of C is 
a point of tangency of some curve 
of (1). Then each point is deter- 
mined by ¢ of (1), and therefore if 
P(x, y) is such a point we have 


r=¢ilc), y= 2(c), (2) 
which is the parametric equation of the curve C. But the x and y 
of (2) satisfy (1). Hence we have 


Dl tl ire 


(22) 


FIG. 88 


pg tet Gy Ut Fe (3) 

In this equation x oa y are ae by (2), and therefore a 

is the slope of C. But the slope of (1), with c constant, is given by 
a eo ia, of Tit 0; (4) 


and since C and (1) are ie ae slopes are the same, and 
we have, by comparison of (3) and (4), 

of 

—=0. 5 

26 (5) 

Equations (1) and (5) together will determine x and y as func- 

tions of c, as in (2). The elimination of c between these equations 
will give the equation of C in x and y. 
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Therefore we say, The envelope of a family of curves (1), if such 
exists, is found by eliminating ¢ from equations (1) and (5). 

For example, consider 

(2 —2c)?+y?=c’, 
a family of circles as shown in Fig. 89. The envelope is found 
by eliminating c from this 
equation and vs 
—4(4—2c)=2¢. 


The result is O 


ae 
y= V3” Fia. 89 

two straight lines to which each circle is tangent. The equation 

of the envelope may also be written in the parametric form (2) as 


Scum V3 
peoe yer 2 C. 


It does not follow from what has been said that a family of 
curves necessarily has an envelope, nor that the elimination of 
c between (1) and (5) may not give Yy 
curves which are not envelopes. 

For example, if we apply the method 
to the family of parabolas (Fig. 90) 


y” = Cx, 


x 


the equation me = 0 is x=0, and the ie) x 


elimination of ¢ gives the point x = 0, 
y= 0 and not acurve. The family has 
no envelope except that in a certain 
generalization the point O may be called 
an envelope. 

Again, consider the family (Fig. 91) 


(y—c)?=x(e—1). 


Fia. 90 


0 ; ane MAE 
Here uo 0 is y—c=0, and the elimination of c gives 


x=0 and x=1. 


A glance at the figure shows that x =0 is an envelope, but the 
line x = 1 is the locus of the double points and is not an envelope. 
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In fact, if there is a singular point for which ae 0 and — 5 
x i 
on each curve of the family, the locus of that point will always 
appear as part of the curve found by eliminating ¢ between (1) 
and (5). For if there is a singular point on Yy 


each curve, the locus of the singular points is 


r=YWi(c), y=y2(c). 
Then, from (1), 


Sa +oay +2 ac=0, 


which reduces to i =i 

oc 
so that the singular points satisfy equa- 
tions (1) and (5) simultaneously. 

Other extraneous factors may appear in 
handling equations (1) and (5). Hence it 
is necessary to test geometrically a solution found for an envelope 
to see if it really is an envelope. 

We shall prove in the next section the theorem that the enve- 
lope is the limit of points of intersection of two neighboring 
curves of the family. 

94. Envelope as locus of limit points. Let 


F(@, y, ¢) =9 (1) 


be a family of plane curves, and let LK (Fig. 88, § 98) be a par- 
ticular curve of the family corresponding to a definite value of c. 
Let c be given an increment Ac. Then LK is displaced to a posi- 
tion MN, the equation of which is 


f(z, y, e+ Ac) = 0. (2) 
The two curves LK and MN intersect in a point Q, the coor- 


dinates of which are found by solving equations (1) and (2) or, 
what is the same thing, by solving equation (1) and 


S$, y, ¢+ Ac) ~f@Y 0) _ 9 (3) 
Ac 


As Ac— 0, the curve MN approaches coincidence with the 
curve LK, but the point Q will in general approach a definite 
limiting point P on the curve LK. We may call this point the 

Cc 
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limit point on the curve LK, and it may be found by solving the 


two equations f(a, y, ¢) = 0, 
of (4) 
Oc % 


where the last equation is obtained by taking the limit of the 
left-hand member of (3) as Ac > 0. The locus of the limit points 
is the curve found by eliminating c from equations (4). This is 
the same locus found in § 93. 

95. Singular solutions. The general solution of 


F(x, y, p) =9 (1) 
is a family of curves awe, (2) 


Any curve of the family (2) is such that the codrdinates of any 
point on it and the slope of the curve at that point satisfy (1). 
Hence if the family (2) has an envelope, the equation of that 
envelope is also a solution of (1), since the slope of the envelope 
at any point is the same as the slope of some curve of (2) at the 
same point. The equation of the envelope is called the singular 
solution of (1), since it is not obtained by giving ¢ a special value 
in (2). The first method of finding the singular solution is, then, 
to solve for (2) and then find the envelope of (2). 

It is sometimes possible, however, to find the singular solution 
of (1) without first finding (2). A glance at Fig. 88 shows that at 
Q there are two values of p satisfying (1), but at P these two values 
coincide. Hence the singular solution of (1) is the locus of points 
for which two or more values of » in equation (1) coincide. 

Now it is a well-known theorem of algebra that any multiple 
root of the equation f(x) =0 


is also a root of _ ste) =0. 


To prove this, note that if a is a multiple root of f(x) = 0, then 
F(x) = (x — a)"$(z) ; 
whence f(x) = r(w — a)"“* h(x) + (x — a)"$'(z), 


and the theorem is obvious by inspection. 


Applying this to f(x, y, p) = 0, (3) 
we see that a double root of this equation is also a root of 
of 


apa s (4) 
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If p is eliminated from these two equations, the result is the 
locus of the points at which two curves of the family defined by 
the differential equation coincide, and this is in general the 
singular solution of (1). 

It should be noticed that either method of finding the singular 
solution may lead to extraneous solutions, and any apparent solu- 
tion should be tested by substitution in (1). 

For example, consider the Clairaut equation 


y= pr+avi- p?. (5) 
The general solution is the family of straight lines 
y=cr+avit+e, (6) 
the envelope of which is the circle 
7-47 = a’. (7) 


On the other hand, (5) may be written as the quadratic equation 
(x? — a?)p? — 2 xyp + (y? — a?) = 0, 
which gives two equal values of p when 
x?y? — (x? — a?) (y? — a?) = 0, 


which reduces to (7). By trial (7) is seen to satisfy (5) and is 
therefore the singular solu- 
tion of (5). 

96. Evolute and _ involute. 
The evolute of a curve is the 
envelope of its normals. Let 
the equation of a curve C, be 


y = f(x), (1) 


and let P(c, b) (Fig. 92) be a 
point on it. Then ‘M(x, y) 


§ = fle). é 


The equation of the normal C, 
at (c, 5) is Fic. 92 
¢ =); (2) 
y—f(c)= a5 ) Ce 


from a well-known formula of analytic geometry. 


P(c,b) 
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This is a family of straight lines involving one parameter c. To 
find the envelope we differentiate equation (2) with respect to c, 
obtaining fC) 


ACM 3 
-f0=F9 @-o+5> (3) 
and equations (2) and (8) give 
a able: 
St TO Ai 
= ikea Ode 
y=f(e)+ Sor eas 


which are the parametric equations of the evolute C2. Here (2, y) 
are the codrdinates of.the point M corresponding to the point P. 


A+ (ror 
OP 


The expression on the left of (5) is the square of the line MP, 
and the expression on the right is the square of the radius of curva- 
ture p of the curve (1) at the point (c, 6). Hence the point M is 
the center of curvature of the point P, and therefore the evolute of 
a curve 1s the locus of the centers of curvature of the given curve. 

We may write equations (4) in the form 


From (4), («—c¢)?+[*—f)P= (5) 


pf’ (c) p 
faa EY ys pve laclee 
Semiron: cee aMReaniGn 
whence dz = E —p Tela _ Ba d 
a+vorl  @+ror 
peed Lo) 
a+ ifort 
fof") 1 
and dy = ro = er ela ee, 
d+vor! “a+yor ” 
1 
at yort 
and therefore dx? + dy? = dp?; 


whence, if s is the length of the curve Co, 
ds=dp, p=s+te, (7) 
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or the length of the line MP is equal to the length of the curve Cs 
measured from a proper origin, and therefore the curve C, may be 
unwound from Co. 

We have started with a given curve C; and have obtained Co. 
Conversely, let us start with the curve C2, lay off on the tangent 
lines to Cz distances equal to s, where s is the length of Cs from 
a fixed point, and find the locus of P. :This locus is called the 
involute. 

The equation of the tangent line at M(z, y) is 


dy 
and since this passes through P(c, b), 
LOR Ui=Ap 
dx x—c © 
Also, by hypothesis, 
(w — c)? + (y—b)? = 8. (9) 


Let M move on the curve C2. Then (x, y) and (c, b) both vary. 
Hence, from (9), 


(x — c)dx + (y — b)dy — (x — c)dec — (y—b)db=sds. (10) 


But ds? = dx? + dy? 
ere eye 
_ Wt Ono? ae, 
Cc) 
s 
whence he = dx. 


Also, from (8), 


Ay? — p)2 2 
yO ae Fe er 


x—C asin 
Hence equation (10) reduces to 
(x —c)de + (y— b)db=0; 
whence, from (8), de dx + db dy = 0, 


that is, the tangents to Cz are the normals of C;. Then C2 is the 
evolute of C;. Since the point from which we measure s in Ce is 
arbitrary, it follows that a curve has an infinite number of invo- 
lutes but only one evolute. 
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97. Orthogonal trajectories of plane curves. A curve which inter- 
sects each curve of the family 


Glee C—O (1) 


at a given angle is called a trajectory. In particular, if the given 
angle is a right angle the curve is an orthogonal trajectory. 

To find the orthogonal trajectories of (1) we must first find the 
differential equation of the family (1). This is done by differen- 
tiating (1) with respect to x and eliminating c between the 
result and (1). We then have 


F(x,y, p) = 0. (2) 


Now since the trajectories intersect (1) at right angles, the p 
of the trajectories is equal to minus the reciprocal of the p in 
equation (2). Hence if we re- 


: i oa 
place pin (2) by— FA obtaining 


(2, Y, — ‘I lle 163) 


we have the differential equa- 
tion of the orthogonal tra- 
jectories. 

As an example, consider the family of circles 


0) ya. (4) 


where ¢ is an arbitrary constant and a is fixed (Fig. 93). The 
differential equation of the family is 


Mae EI NOES (5) 


Therefore the differential equation of the orthogonal family is 


Fig. 93 


1 
pe ty =a; (6) 
Za 
whence > “ear dy = dx, (7) 
from which we have the family of tractrices 
e—e=+Voer— x4 alogt@=VEn—Y’ VY (8) 


y 
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It is evident that through any point of the plane between the 
lines y= -+a there go two circles and two tractrices, since both 
(5) and (6) are quadratic in p. 
These curves must be properly 
paired to show the orthogonal 
relation. For instance, if we take 


De ENS eae 
7] 
from (5), we must take 


y 
a Fig. 94 


Vaz — y? 
from (6). Plotting these together we have the configuration shown 
in Fig. 94. 
98. Differential equation of the first order in three variables. 
Any equation of the form 


F(x, y, 2, ¢) = 9, (1) 
where c is an arbitrary constant, satisfies a differential equation 
pr the torn Pdze+Qdy+Rdz=0, (2) 


where P, Q, and R are functions of (x, y, z) but do not involve c. 
For from (1) we have 
of of of 
pe tog et Oz 
and the elimination of c from (3) and (1) gives (2). 
This elimination may theoretically be carried out by solving 
equation (1) for c (§ 39), obtaining 


dz =, (3) 


P(x, Y, 7) =C; (4) 

whence ce dx + s dy + “ az— 0; (5) 
which must be the same equation as (2). Therefore either 

Be ILS 2 6 

or ‘s = UP, - =7iay 2 = jt ie (7) 


In the first case equation (2) is exact; in the second case it has 
an integrating factor w which makes it exact. 
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We now ask, conversely, if an equation (2) always has a solu- 
tion of the form (1) or, what is the same thing, of the form (4). 
It is obvious from the foregoing that when this happens, P, Q, 
and R must satisfy either conditions (6) or conditions (7). Hence 
we make three cases for equation (2). 

CasE I. Exact equations. Equation (2) is exact if a function ¢ 
exists for which conditions (6) hold. The necessary and sufficient 
conditions for this are (§ 36) 

OP 0Q OQ OR OR _ OP 


dy ou 02 Ody» Ou ba 8) 


When these conditions are met, the function ¢ may be found 
by § 36, and the solution is then 


=, 


The solution may also be found by the method to be outlined 
in the next case. 

The simplest case of an exact equation is that in which the 
variables are separated and the equation takes the form 


fi(x)dx + faly)dy + fs(z)dz = 0. 
Conditions (8) are obviously met, and the solution is 
[we +f rendvt [edz =e. 
CASE IT. Equations having integrating factors. If equation (2) 
has an integrating factor u, conditions (7) must be satisfied, and 


MP dx + uQ dy + uR dz =0 
is exact. Therefore we must have 
O(mP) _ O(uQ) O(uQ) _ O(MR) = O(uR) _ O(uP) 9 
oy Ox C2 dye | ae > Oz ) 
Equations (9) may be written 
(2ERE IO) See 4 UE, 
ox 


Oy Ox oy 
2098) _ 2H _ ge 
u(S oy Pap orien 


oR oP) Ou Ob 
(Ss TE) rh arrears 
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Multiplying the first of these equations by R, the second by P, 
and the third by Q, and adding the resulting equations, we have 


(since, of course, u + 0) 
0Q =) OR OP OP 0Q 
pee as Sala sae Epub See a 
i ay +o(5 sae = Bie—ei10) 


which may be written in the symbolic form, easy to remember, 


ie Aa dks 
OT Gas 0 
ee on) 1 
Ox Oy Oz oe 
Pe Olas 


This is, then, a necessary condition that must be satisfied in 
order that (2) should have an integrating factor. We shall prove 
that the condition is also sufficient by outlining a method of solu- 
tion which will work when (10) is satisfied. 

Suppose, then, that the coefficients of (2) satisfy condition (10). 
We will begin the solution of (2) by temporarily holding one of 
the variables constant. Let us choose to hold z constant. We 


have then P dx ale Q dy an 0, 
which will have a solution of the form 
f(@, y, 2) =e. 


But c here means merely a constant as regards x and y. It 
therefore may be a function of z, and we write 


F(@, y, 2) = (2). (12) 


We wish to determine ¢ so that (12) is a solution of (2). From 
equation (12) we have 


f, dx + fy dy + (f.— $’)dz=0, (13) 
and if (12) solves (2), equation (13) must be the same as (2) except 
for a factor. Therefore ye 

Fy = Q, (14) 
f—¢' = AR. 
The last equation in (14) may be written 
f£—)\R=¢". (15) 


If this equation contains on the left only z and 4, it is a differen- 
tial equation to determine ¢. Let us, then, solve (12) for y, thus, 


Y= F(x, z, ?), 
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and make the substitution in f, — AR, the first member of (15). 
The necessary and sufficient condition that x should not appear 
in the result is that ot 
jee |= (16) 
dx z,? 


where the expression on the left means the partial derivative when 
z and ¢ are constants. But by the laws of partial differentiation, 


a =), _) 2k p On +(fy—\TE=R RO) p,. (17) 
: 2, 


dx Ou Ox 7) oy 
FZ) 
Now F, means 
dx 
and, from (12), if ax +f, dy + f, 2 
whence (§ 40) r,-_, 
fy 
12 
or, by use of (14), F,=— a 


We assume that Q #0, for it is obvious from (9) that if @=0 
the equation (2) may be reduced to one which does not contain y. 
Hence we may place (17) in the form 


d(f.- ae prc (PS pilin oe) 4 R( Ne =) 
o[ dx 3 Ue Pfay+tr —Q Lay an 
‘fe Or 
But, from (14), iS ae a 
0 
fy =r» S49 
CON ae 
Cy ore 
On On | 0Q =) 
whence pe —Q— was ( a By ’ 


and therefore 


eer a eee 
of da Re af Cy oz me eae) 


Hence if condition (10) is satisfied, then equation (16) is satis- 
fied, and equation (15) can be made an equation in ¢, $’, and z 
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and can be solved for ¢. This solution involves an arbitrary 
constant c. Then (12) is of the form 
P(x, y, z, c) = 0, 


which satisfies (2). If (10) is not satisfied, this method of solution 
fails, as it should, since (10) is a necessary condition for the 
solution of (2). 

Condition (10) is obviously satisfied if the equation is exact. 
Hence we may say: 


The necessary and sufficient condition that the equation 
Pdx+Qdy+Rdz=0 
may have a solution of the form 
Se Use, cc) 0 


@Q =) (=) (= 2 = 
awe (2S an Ox Oz se oy n)= 0 


Geometrically we may say that thé coefficients P, Q, R deter- 


mine a vector Pi+ Qj+ Rk (19) 
at each point of space, and the differentials dx, dy, dz determine 
a vector dxi+dyj+dzk. (20) 


The differential equation (2) asserts that these two vectors are 
perpendicular to each other. Hence the vector (20) is restricted 
to lie in a plane perpendicular to (19). In other words, the dif- 
ferential equation defines a plane of infinitesimal vectors (20) at 
each point of space. The totality of these vectors forms what we 
may call a planar element. The problem of integration is to 
arrange these planar elements into surfaces. This is possible only 
when the condition in the theorem is satisfied. 

As an example of the. practical application of the method of 
solution just outlined in theory, consider 


y22 da + (y?z2 — xz?)dy — y? dz = 0. (21) 


The condition for integrability is satisfied. To integrate, it is 
convenient to begin by holding y constant. We have then 


yz? dz — y? dz= 0, 


2 
of which the solution is a + S = $(y). (22) 
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Differentiating (22) we have 


wy 2 
dx + (= e 6 )dy < _ dz=0. (23) 
Dividing equation (21) by yz? and comparing with (23) gives 
URS ACE (24) 
ey) ny 
y? 
But, from (22), r=o- Pi 
and therefore (24) is _ 2 =—q, 
dp dy 
= ee (), 
or 5 7 
which gives Gacy. 
Substituting this in (22) gives 
y? 
r+ a = Cy, 
or a oh z = (o5 
Z 


as the solution of (21). 
CASE III. The nonintegrable case. If condition (10) is not satis- 
fied, the equation has no integral of the form 


F(x, y, 2, ¢) = 90, 


and it is customary to say that the equation cannot be integrated. 
There is here a striking difference between the equation 


Mdx+Ndy=0 


in two variables, which can always be integrated, and the similar - 
equation in three or more variables. 

Geometrically we may do something with the equation even in 
the nonintegrable case. As we have seen, equation (2) asserts 
that the direction dx :dy:dz is perpendicular to the direction 
P:Q:k. To solve the equation is to determine geometric loci 
so that the condition of perpendicularity is fulfilled for directions 
on each locus. In the integrable case these loci consist of surfaces 
which are perpendicular at each point to the direction P:Q: R. 
Then any curve whatever drawn on the surface has this property 
of perpendicularity at each of its points. 
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In the nonintegrable case no such family of surfaces exists. We 
may, however, upon any surface whatever find a family of curves 
which has the property of being perpendicular to the direction 
12S Q fee Horais F(a, Y; z) = 0 (25) 


is any arbitrarily assumed surface, then any direction on this 
surface satisfies the equation 


OF OF OF 
on aro aaipp et (26) 
This equation taken simultaneously with (2) defines a family 
of curves, as will be shown in the next section. These curves 
necessarily lie on (25). 
For example, consider 


sy dx+ydytzdz=0, (27) 
which is nonintegrable. 


Assume the sphere g? +. y? + 2? = g?, 
Then xdx+ydy+zdz=0. (28) 
Taking (27) and (28) simultaneously, we have 
d= 0: 
whence =e, 


Hence the circles cut from the sphere x? + y?+2%= a? by the 
planes x =c satisfy (27) in a sense. 
Again, still considering (27), assume the paraboloid 


z= ty. (29) 
Then ydx+ady—dz=0. (80) 
If (27) and (80) are taken simultaneously, we find that 
ry dx + y dy + xy[y dx + x dy) =0; 
whence (1+y)V1+22=c. (31) 
The curves defined by (29) and (31) satisfy (27). 

99. Simultaneous equations in three variables. Let there be given 
two equations, P, dx +Q: dy+ Ri dz=0, ‘6 
P2 dt + Q2 dy + Ro dz=0, 
where Pi, Q1, Ri, P2, Q2, R2 are functions of z, y, and z. These 

equations may be written in the form 


=—=—, (2) 
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where P = Qi Re = QoRi, Q = Ri P2 — RoPi, and i = P1Q2 a P2Q1. 
Accordingly we shall consider equations in the form (2). 

Since dx : dy : dz gives a direction in space, it seems graphically 
evident that the solution of (2) consists of a family of curves. 
Such a family is represented by two simultaneous equations of 


the form i Com eect) ==, (3) 
fein U, ey C210). 


A proof will be given in the next section. 
It is instructive to compare equations (2) with the equation 


Pdx+Qdy+ Rdz=0, (4) 


discussed in § 98, considering P, Q, and R as the same in both 
(2) and (4). Equations (2) define a family of curves which every- 
where have the direction of the vector 


Pi+ Qj+ Rk. (5) 


If equation (4) has a solution, it defines a family of surfaces 
everywhere normal to the vector (5) and hence normal to the 
curves defined by (2). Now equations (2) always have a solution, 
but equation (4) does not. 

Hence if a family of curves is given, it is not always possible to 
find a family of surfaces orthogonal to them. On the other hand, 
if a family of surfaces is given, P, Q, R are determined and equa- 
tions (2) may be solved. Hence a family of curves may always 
be found orthogonal to a given family of surfaces. 

Three methods of solution of equations (2) may be tried: 

1. It may be possible to find two equations each of which con- 
tains only two variables and their differentials. For example, 


consider dx dy d 
See, 6) 
Y y @ 
We readily find the two equations 
dx, dy _ a 
cre mae me 
the solutions of which are 
Y= Cie ee Coe. , (7) 


and equations (7) are the solutions of (6). 

2. It may be possible to find readily one equation containing only 
two variables and their differentials. The solution of this equation 
may then be used to obtain another equation in two variables. 


SIMULTANEOUS EQUATIONS 245 


For example, consider 


de_dy__dz 
ey axyze™ (8) 
: dx dy 
From the equation — = — 
fo) 
we find Vato oe (9) 


Taking the first and third fractions of (8) and using (9), we 
have 


dz 
ine; 
cxze 
whence c1(x — 1)e” = log cow. (10) 


Then (10) and (9) taken simultaneously form the solution of (8). 
We may, if we like, eliminate c; from (10) and write the solution 


of (8) in the form y = ct, oa 
y(a — 1)e” = x log coz. 
3. By the theory of fractions we may write 


Be Qe, hP+koQ+k3R 


where k,, k2, k3 are any multipliers, not necessarily constants, 
chosen at pleasure. In this way we may form new differential 
equations which may possibly be solved. 

Particular interest attaches to the case in which ky, ke, k3 can 


be so taken that Pieter keh 0. 
We then have the differential equation 
k, dx + ko dy + kz dz = 0, 


which may perhaps be solved as in § 98. 
As a first example, consider 


oe (13) 


; d 
WGdna Yi WillC meiner Bee ee 


dx dy—dz 


The equation —_—= 
45 y—zZ 


gives x= c(y—2). (14) 
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Using this in the equation 


dy dz 
aty xt+z 
we get log (a= ee ee (15) 


Then (14) and (15) together form the solution of (138). 
As a second example, consider 


dx dy dz 


yte —x& ehyte ae 
We have, in the first place, 
dx dy | dz 3 dx — dy — dz f 
yt2 —x% x+yt+z2 ytz—(—*)-@t+yt+2) 
whence dx — dy —dz=0, 
and therefore L—-—Y—-2=C. (17) 
Using (17) in the first fraction of (16), we have 
dx dy 
eon 
whence x+c log («—c)=co2—y, (18) 
and (17) and (18) taken together form the solution of (16). 
100. Existence proof. Given 
dx _ dy _dz in 
12 Q R 
which are equivalent to 
tS = hu, 2), 
Fe (2) 


R 
dx P = fo(z, Y, z). 


We assume that both fi (a, y, z) and fo(x, y, 2) can be expanded 
into a power series in the neighborhood of (zo, yo, 20), and shall 
take 1 = 0, yo= 0, % = 0. 


dy 
dx 
dz 


ae =D dinie'y*e’. 


Then =Sainie'y*e’, 


(3) 
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Assume two power series, 
Y = x + Gor? + agx3 +---, (4) 
z= b)x + box? + bgx3 +---, (5) 
and substitute in (3). It is easily seen that the unknown coeffi- 
cients a; and b; are uniquely determined in terms of the known 
coefficients a;,; and b;,:, and that each successive coefficient a; or 
b; is expressed as a polynomial in the coefficients ajx., b:,, and the 
coefficients a; and b; already obtained. 
The series (4) and (5) are thus obtained. It remains to prove 
them convergent. For that purpose take a dominant function 
M 


eee allsy 


for each of the functions fi (x, y,z) and fo(x,y, z). In (6), (a,b,c) isa 
point at which each of the series in (8) converges absolutely, and M 
is a number which no coefficient in (8) can exceed. Consider then 
the differential equations 


(6) 


OV mene eT 
a aoe ae 
dz M @) 
ee er) 
a b ¢ 
If equations (7) are solved in power series 
Y= Ao Agr? --:, (8) 
z= Box + Bor? +--., (9) 


in the same manner as equations (8) were solved, the manner in 
which these coefficients are found shows that 
|Ai]>lac], | Bil >|0:], 
and hence if (8) and (9) converge, so will (4) and (5). 
Now (7) may be solved in an elementary manner. It is evident 
that y =z, and therefore c = b, and we have only to solve 


‘ d 
yarn 


12 
a 
whence y=b— ONE = log (1 — 2). (10) 
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This may be expanded into a convergent series which can be 
none other than (8). The series (9) is the same, since z = y. Hence, 
as shown above, the convergence of (4) and (5) is proved. 

For convenience we have used (0, 0, 0) for (Xo, Yo, Zo). Replacing 
(x0, Yo, 20), we may write (4) and (5) as 


Y = Yo + a (% — Xo) + da(% — Xo)? +--+, (11) 
Z = 2 + bile — xo) ++ ba(% — m0)? +--= 


Here the coefficients yo, 2 are purely arbitrary, and the other 
coefficients are determined by them and the coefficients of the 
given equation. 

We see, then, that equations (1) have solutions involving two 
arbitrary constants. The most general form is to write these as 


F(X, Y, 2, C1, €2) = 0, 


(12) 
Pau z, C1, C20, 


These solved for y and z are equivalent to (8) and (9), and the 
constants are determined if we know that for x = xo, y becomes 
yo and z becomes Zo. 

The methods we have used are evidently extensible to the 


equations re es ihe 


ee re ey 


and we say that these equations have solutions of the form 


ia, oO a2 02-5 Ca) = 0, 
where there are (n—1) functions f; involving n—1 arbitrary 


constants. 
EXERCISES 


Solve by one of the first seven methods of § 91: 


1. tan x tan y dx + sec?y dy = 0. 
2. (1+ 2x7)y dx + (1 — y?)x dy =0. 
8. ey(1 + x*)dy — (1 — y*)dx = 0. 
4. (a+ y)dx+xdy=0. 


5. (y— Vx? + y2)dx — x dy = 0. oa 


6. (« sin ¥ + y cos 2) ae —2xcos y dy = (0. * 
xv ap x 


x 
7. (x+2y—8)de+ (22r—y—1)dy=0. 


8. (a+ y)dxt+ (xty+1j)dy=0. . 2) ] 
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9. dy + (y — cos x)dx = 0. 


ve 133Gh —-— = 
10. x dy + (y ~ xe*) dex = 0, ~ (1+ 2%) y+y?=0. 
sl ety oe ny = «(1 + 2? : 2) Wy 3 
: piece — te) RS a al Be 
d 2 2 
12. 2y —2y? =a? +1. 18. Vac tte y dy=0. 


16. (% — y)? dx — (x? —2 ry +3 y?)dy=0. — 
17. (etytay)de + (x +23)\dy=0. * 
x zx 
18. ye ¥dx — (xe ¥+ y?)dy = 0. 
19. (xy? + y*)dx + (x?y — x)dy = 0. 
20. (x? + y?)dx — ry? dy = 0. 


Solve the following equations by series: 


dy dy y 
21.—=k 23 = xy. —= 73 
Yy ae xy 25 Ae a3 
dy dy dy 
22. — = kr. 24.— = 2+ y". i = y? — 
dx dx Y Ay dx J 


Solve the following equations by the methods of § 92: 
27. cy(p? +1) — (ae? + y?)p=0. 81. p?+42yp-—8y?= 


28. 2*p? + ryp —2y7?=0. $2. xp? — p? +1=0. 
29. y(1 — p?) —2px=0. 33. py? — 2 p*zy + p*x? = 1. 
30. y = 2 px — py. 34. (1+ y?)p? — 2 xyp? + x?p*=1. 


In Exercises 35-88 show that the differential equation of the curve 
in each case is a Clairaut equation, and find the curve: 


35. A curve such that each tangent makes intercepts on the coor- 
dinate axis whose sum is k. 

36. A curve in which the projection upon OY of the perpendicular 
from the origin to any tangent is k. 

37. A curve in which the portion of the tangent between the coér- 
dinate axes has the length k. 

38. A curve such that the area between the tangent and the codér- 
dinate axes is k?. 

39. Find the envelope of the family of straight lines y = 2 cx + c*. 

40. Find the envelope of the family of parabolas y? = c(x — c). 

41. The semi-axes of the ellipse 2 Y= 1 are such that ab = k?, 
where k? is constant. Find the envelope of the family. 
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42. Find the envelope of the straight lines y = cx — 2 ac — ac?. 
43. Find the envelope of the family of circles having their centers on 
the line y = 2 x and tangent to the axis of y. 


44. Find the envelope of the family of circles which have their centers 
on the parabola y? = 4 ax and pass through the vertex of the parabola. 


45. If rays of light emanating from a fixed point in a plane are re- 
flected from a curve, the envelope of the reflected rays is a caustic curve. 
Show that the caustic curve of rays issuing from a point on a circle and 
reflected by the circle is a cardioid. 

46. Find the evolute of the parabola y* = 4 az. 

47. Show that the evolute of a tractrix is a catenary. 

48. Show that the evolute of a cycloid is an equal cycloid. 

49. Find the evolute of an eee 

(1) from the equation =: + =: 
(2) from the equations x = a cos ¢, y=) sin ¢. 

50. Find the evolute of the four-cusped hypocycloid x = a cos? ¢, 
y=asin? ¢. 

51. Find the orthogonal trajectories of the family of parabolas 
fli hee 

52. Find the orthogonal trajectories of the ellipses 

2 2 
fe 
a a°+e 
c being the variable parameter. 

58. Find the orthogonal trajectories of the confocal parabolas 
y?=4cex+4c?. 

54. Find the orthogonal trajectories of the family of ellipses in which 
the minor axis is one half the major axis. 

55. Find the orthogonal trajectories of the family of circles each of 
which passes through the same fixed points. 


56. Find the orthogonal trajectories of the family of circles each of 
which is tangent to the same straight line at the same point. 


=a 


1, 


dé 
coordinates, prove that f (*, 6, —r? =) = 0 is the equation of their 
orthogonal trajectories. 
58. Find the orthogonal trajectories of the family of lemniscates 
fer 2 COR oO. 


59. Find the orthogonal trajectories of the family of cardioids 
r=c(cos 9+ 1). 


els IGE ip (* 0, <) = 0 is the equation of a family of curves in polar 
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60. Find the orthogonal trajectories of the family of logarithmic 
spirals r = e. 

61. Find the singular solution of (x? — a?)p? — 2 zyp — x? = 0. 

62. Find the singular solution of y = — xp + x*p?. 

638. Find the singular solution of a? — y? = p*y?. 

64. Find the singular solution of xp? + x*yp + a® = 0. 

65. Find the singular solution of p? — 4 xyp + 8 y? = 0. 


Solve the following equations: 
66. (ytz2—b—c)dxrt+ (¢+2-—c—a)dyt+ (x+y—a-—bd)dz=0. 
67. (= - = av + (- = = )au + (- = By ae = 0. 
aes 2 y¥° ee 
68. (y2 + yz)dx + (22 + 2x)dy + (y? — xy)dz = 0. 


69. yz? dx + (y7z — xz*)dy — y?(y + 2)dz=0. 
70. yz dx — zx dy + (x? + y”)dz = 0. 


Solve the following systems of simultaneous equations: 


dx _dy_ dz OL ae Cy ede, 
1.—_=-—=>-—_: (OOS Fem = exer 0 
ye we xy a+y 22 (x—y)z 
wy OE a 76. dx yds de® 
y Doers a QB 6=H B= 7 
cay ESS TS pl la py ome ee RS 
2 2+2? z xr—-y-—-z y-z-u 2 
d d 
a ahi oe 78. Le eh 2 ae 


“g+ty—z2 2 ge—y2?—22 22 2xz 


CHAPTER XI 
DIFFERENTIAL EQUATIONS OF HIGHER ORDER 


101. Existence proof. Consider the equation 


d” dy dy an ty 
ie =i uy fe ears =) ©) 
This may be replaced by the group of equations 
dy 
de = V1; 
dy 
de = Y2, 
(2) 
‘pe 2 
Vr = Yn-1s 
dyn —1 


ata Y, Yi, Y2,°**, Yai). 
x 


By the previous section this group has a solution which for 
x = Xo reduces to y = Yo, Y1 = (Yi)o, Y2 = (Y2)o, - + +» Yn—1 = (Yn—1)o, 
values which may be arbitrarily assigned. Hence in (1) the values 
dy dyn —1 
of y, 7a ee 
solved. This is expressed by saying that the general solution of (1) 
involves n arbitrary constants. 
The existence of the solution having thus been shown, let us 
substitute in (1) the series 


may be arbitrarily assigned and the equation 


Y = 4% + dex? + ager? + - 
where xo and yo are assumed as zero. 
Then Yi = 1 +2 ax + 3 asx? + - 
Be RT ae + 


Yn- RECs Wii ta tiiadrn, 
252 
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All equations in (2) but the last are now satisfied, and the coeffi- 
cients a; are obtained by substituting in the last equation in (2). 


The series expansion may thus be practically obtained. As 
Another method is as follows: Equation (1) gives us — in 
dy |. arty ia 


terms of 2, y, - By differentiating and substituting 


aes} b | 

dx da”—1 
ay ty det ay 
dat)? qynt2’ 


‘ dy a 
Assuming, then, xo, yo, {(—})» °°» —= ) at pleasure, we com- 
dz 0 ars 0 


nN, qzti 
pute ( ot), ( Jan t). ‘++, and may then write down Taylor’s 


expansion for y as a power series in x — 2. 
102. The linear differential equation. The equation 
d"y eRe qd” 2y dy 
agn t Pl gon es == AE “+ Pata t+ pray =F, (1) 
where 9p, p2,-+-, Pn, and R are functions of x, or constants, is a 
linear differential equation of the nth order. Equation (1) in 
which R + 0 is called the complete equation in distinction to the 


equation d"y d?—y dy 
dx” set Pt nt — aol) aA ‘t+ Pn-1 5 + Pay = 0, (2) 


which is called the ve equation. The solution of (1) is closely 
connected with the solution of (2). This will be brought out in 
the theorems which we shall now prove: 


we may find - in terms of the same variables. 


I. If yi, y2, ++; Yn are n linearly independent solutions of the 
reduced equation (2), the general solution of the reduced equation is 


Y = C1Y1 + Co¥2 + °° > + CnYn- (3) 


That (8) solves (2) is evident from direct substitution; that it 
is the general solution follows from the fact that it contains n 
arbitrary constants under the hypothesis that the functions y; are 
linearly independent. 

The necessity of this hypothesis is seen from an example. 
Consider a cubic equation 


—+p—4+q—+7r7=0, (4) 


and let y1, y2, ys be three solutions. Then 
Y = C1 + CoY2 + C3Ys (5) 
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is also a solution and will be the general solution if y1, yz, ys are 
linearly independent. But if, for example, 


Yy3 = ay: + bye, 
then (5) becomes y = (¢1 + a)yi + (C2 + b)y2, 
which involves only two arbitrary constants, namely, Ci; = c; + a 
and Co =c¢2 +a, and is therefore not the general solution. 
Il. If I, and Iz are any two particular solutions of (1), they 
differ by terms of the form 
C11 + CoY2 ++ + CnYn; 
where Y1, Y2, °° +; Yn are solutrons of (2). 
To prove this, note that by hypothesis 
a"; Aen ae dl 
ane ogee este a a1 — nli = R, 
dant PI qn 2 TP TRAY E 1 


d" Is dom als dIo 
<= +++ 4 Py_1 + Dale = BR; 
sor FP gor Pst Panay + Pall 


whence by subtraction I; — I2 satisfies equation (2), and therefore, 
by theorem I, 


Ty — [2 = C1y1 + CoY2 +--+ + CnYn, 
as was to be proved. 
IIT. The general solution of (1) 2s of the form 
. Y= Cyt + C2xY2 +++ ++ Cnn + I, (6) 


where cy + coy2 ++ +++ CnYn ws the general solution of (2), and I 
is any particular integral of (1). 


This is an immediate consequence of II. It may also be shown 
by direct substitution in (1) that (6) satisfies (1). That it is the 
general solution follows from the fact that it contains arbitrary 
constants. 

In the solution (6) the quantity J is called the particular integral, 
and the part involving the arbitrary constants is called the com- 
plementary function. 

These theorems give certain general facts of importance regard- 
ing the solutions of (1) and (2), and use will be made of them in 
the subsequent sections. We may at times find use for the follow- 
ing theorem : 


IV. If one solution of the reduced equation is known, the degree of 
that equatton may be lowered by unity. 
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Let y: be a solution of the reduced equation (2) and substitute 
Y= ye. 


It is not difficult to see that the coefficient of z in the new equa- 
tion is the same as the left-hand member of (2), with y replaced 
by yi, and therefore vanishes, since y; is a solution of (2). The 
new equation is then of the form 


a Goa d7z dz 
SR 7 oe “TF In-2 3+ In-1 7 = 0. (7) 
: 
If we now place < = u, we have a linear differential equation of 
the (n — 1)st order, 
qr} n— 2 


U a” “u 
SESS eres ere + n2 = + dnt = 0, (8) 


which proves the proposition. 
If y2 is another known solution of (2), then z= ug is a solution 


d : : } 
of (7), and — () is a solution of (8). Hence the degree of equa- 
rl 


dx 
tion (8) may be reduced by unity. Proceeding in this way we 
have the following theorem : ‘ 


V. If m solutions of the reduced equation are known, the solution 
of that equation may be reduced to the solution of an equation of 
degree n — ™. 

108. Method of variation of constants. We shall in this section 
present a method by which if the solution of the reduced equation 
is known that of the complete equation may be found. For 
simplicity of treatment we pha see an equation of the third order, 

dy 
dz3 ae atte de 
and suppose that we have found the solution of 


——+p aay ry=R, (1) 


+p ee get y= 0 (2) 


in the form Yy = cry + Coy2 + cays. (3) 
In (3) ci, ¢2, and c3 are constants and (2) is satisfied. The ques- 
tion now is, May we not replace ci, c2, c3 by functions of x in such 


a way that (1) is satisfied? We will therefore consider the ¢; 
as variables. For this reason the method is called that of the 
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variation of constants, though it might more properly be called 
the replacement of constants by variables. 
If we take c; as functions of x, we find from (3) that 
dy dyi dy2 


dys / / / 
sen ch ge rae: Tg 1 Ch YLT C2'Y2 + C3'Ys, (4) 


- (Gil , dc }, dc3 
where oO — ——, Co’ = — C3’ = —- 
dx dx 


dx 
Since there are three functions c; to be determined, we may 1m- 
pose three conditions upon them. We take the first to be 
c1/Y1 + C2/y2 + €3'Y3 = 0. (5) 
Then (4) becomes 
dy dy dy2 dys 
ee eee Bae ee ES 6 
FR tic Wee 6) 


Differentiating again, 


Py Gyn. Pye Mya, dy, We, Ws 
FES REN ry crc ree we Arend pe tee 
dy dys dy3 
tak Vise PLes be Ie 
We take C1 ap dz + & a 0 (8) 


as the second condition to be imposed upon the c’s. We thus 
reduce equation (7) to the form 


dy dy Bye, Pays. 


dg? dae FO Gg T° Ga} 
whence 
dy fal d3y; d3y2 d3ys3 F dy - d7y2 d?y3 
rRoStmery cir arr ems rece Meer 
Substituting (3), (6), (9), and (10) in (1), we have 
; d?yy ; d?y2 F dy 
Cy gee ac? free fie (11) 


Equations (5), (8), (11) are now three linear equations which 
may be solved by elementary algebra for ci’, cs’, c3’.. Then, by 


Integration, ¢, — g(x), co=do(a), ¢s= p3(x). 
Hence I= hi(@)yi + b2(@)y2 + G3(x)ys 
is a solution of (1). Therefore the general solution is, by III, § 102, 


y = [er + hile) yr + Leo + G2(x)]y2 + [es + b3(x)]y3. (12) 
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104. The linear differential equation with constant coefficients. 
In this section we shall consider the equation 


dy Oy 
da” ae ay da" —1 


where the coefficients a; are constants. It is convenient to express 


dy d7y : d”y : 
Dy Dy, by D*y,---, m, 
eee eaeaied 21 Y ant by D”y, and to write (1) in the 


form D"y + aD" y+ aoe + An—1Dy + any = f(x), 
or, more compactly, 
(D® + aD" + + +++ An 1D + Gn)y = f(z). (2) 


The expression in parenthesis preceding y in (2) is called an 
operator, and we are said to operate on a quantity with it when we 
carry out the indicated operations of differentiation, multiplica- 
tion, and addition. The solution of (2) is expressed by the symbol 


1 
~~ D® +a D1 +--+ + G__1D + Gn 


where the expression on the right is not to be considered as a 
fraction, but merely as the inverse operator to that denoted by 
the operator in (2). 

Let us now treat the operator as if it were an algebraic poly- 
nomial in which D is a quantity instead of a symbol of differentia- 
tion, and split it up into linear factors, writing the left-hand 
member of (2) as 


ett) Ds a Dail 1) (Do Tn) (4) 


If we consider that (4) means to operate first on y with D — ry, 
on the result obtained with D—r,_1, on that result with D—r,_2, 
and so on, we assert that (4) is exactly equivalent to. the opera- 
tion on the left-hand side of (2). This follows from the fact that 
D considered as an operator obeys the same laws as when it is 
considered as an algebraic quantity. The student may verify this 


by considering Cr) (2 roy: 


a 
+.- bint aot ny = f(a), (1) 


y F(x), (3) 


This is first of all equivalent to 


D— Dy — roy), 
Bnd this to Die) (Dy — Fai) 


D(Dy — rey) — 11(Dy — rey) = [D? — (11 + 72)D + rire)y. 
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Similarly, 
(Diia) (Dre) Dray 
= (D—17)[D? — (r2+73)D + rersly 
= [D® — (71 + r2 +173) D? + (rire + rears + 7371)D — nireraly, 
and so on. 
A study of these results and the similar ones to be obtained 


with more factors shows that the order of the factors is immaterial. 
We have, then, reduced equation (1) to the form 


(D —11)(D — 12) +++ (D—%n21)(D — Ta)y = f(a). (5) 
The simplest equation of the form (1) or (5) occurs when 
n = 1, and we have (D—n)y=flx), (6) 

the solution of which is, by Case IV, § 91, 
y = e* if e™*f(x)dx + ce"*. (7) 

We have, accordingly, the formula 

1 T1z —TM1zr 

soa i@ aon fe feadde, (8) 


where the constant of integration may be supplied or not in evalu- 
ating the integral. If the constant is used, (8) gives the general 
solution ; if the constant is not used, we have a particular integral. 

Returning to equation (5), it is clear that we have in succession 


i} 
ee 
pan hee if é f(z) dz, 


1 
(D — 73) oo (D = Tn)¥ = Dae je fe-meae| 
ae ere ferns fo mapcay da 
and so on. Hence, finally, 


y=e i etn 1—ta)e if wee if ei— ne sf en s(rare. (9) 


Equation (9) furnishes a general formula for the solution of 
equation (1) or (5). As each integration is performed, a constant 
of integration may be introduced so that the solution contains n 


(D — 12)(D — 13) +++ (D—t)y = 
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arbitrary constants and is therefore the general solution, or the 
ica may be omitted and supplied at the end by theorem III, 
§ 102. 

The formula, however, is frequently tedious in its application, 
and we shall present in the next sections more convenient meth- 
ods of solution for the cases most often arising in practice. 

105. The complementary function. All the theorems of § 102 hold 
for the linear differential equation with constant coefficients. We 
shall therefore concern ourselves first with the reduced equation 


Det) OD Faye (Die 7 )y = 0. (1) 
Since the left-hand member of (1) is independent of the order 


of the factors, we may write any factor D — r; in the place next 
to the y. Then if (Dewy = 0 (2) 


equation (1) is satisfied, since all the operations on zero give 
zero. A solution of (2) is accordingly 


y=cye™, (3) 
where c;, is an arbitrary constant. Giving k all values from 1 to 
n, we have y = ce" + coe +--+ one”. (4) 


If all the 7’s are distinct, this will be the general solution of (1) 
by theorem I, §102. If, however, some of the 7’s are equal, the 
expression (4), although a solution of (1), will not be the general 
solution, since it will not contain n arbitrary constants. Suppose, 
for example, that the first k values of r are equal. Then the first 
k terms of (4) are (y + co+---+cx)e"”, which is equivalent 
simply to Ce”*. 

In this case equation (1) may be written 

(D —rx41) +++ (D—Ta)(D—n)*'y = 0, 
and any solution of (D —7)"'y=0 (5) 


is a solution of (1). The solution of (5) may be found by the general 
formula (9) of §104. We have 


yao ff--- fod! 


= (1 + cox + +--+ ex" ")e™, (6) 


which now replaces the first k terms of (4). 
Formula (4) with its modification (6) is perfectly general irre- 
spective of the nature of the quantities r;. If the coefficients of (1) 
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are real, then, by a well-known theorem of algebra, all imaginary 
values of r; will appear in pairs as conjugate imaginary. The cor- 
responding terms in (4) or (6) may then be modified so as to appear 
in areal form. Suppose, for clearness, that 


ri=A+ MM, T2 = A\— ma, 
where \ and yp are real quantities and 1 = V— 1. 
We then have 
ce" are coe" = e* (ce = he tae | 
= e[(c, + c2) cos ux + 1(c1 — C2) sin war], 
the last transformation being made by § 26. 
Let us now place 
a +¢2=C, 1(¢1 — C2) = Co, 
and we have 
ce" + coe” = e* (C1 cos wx + Ce sin pz). (7) 


Similarly, if the factor D — (\ + wz) occurs k times, so does the 
factor D — (A — put), and we have, from (6), 


e* (cy + coe + +++ + cga®— eM + (cy! + co'a +--+ c'a* Ye, 
which is equivalent to 


eT (Cy + Cot +---+ Cyx*—!) cos wx + (Bi + Boxr+--- 
+ B,x2*-1) sin ux]. (8) 


106. The particular integral. Consider now the complete equation 
(D" + a,D"—! + id -+@,-1D + an)y = f(a). (1) 


The complementary function is to be found as in $105. The 
particular integral may be found by the method of variation of 
constants or by applying formula (9), § 104, omitting the con- 
stants of integration. Such methods are frequently tedious. A 
more convenient way is to assume the form which the particular 
integral will take, using undetermined coefficients, which are then 
determined by substituting in the equation. The form of the solu- 
tion may be inferred by studying the results obtained by (9), § 104, 
for different functions f(x). There result in certain common cases 
the following rules, in which we denote the differential equation by 


P(D)y = f(x), 


‘where P(D) isa polynomial in D, and denote the particular integral 
by I. 
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I. If f(x) = agx” + aya" 1 +-+-+a,_1% + an, assume, in general, 
I= Ax” +: Ares eioke ors =A 1% =e An; 
but af D” is a factor of P(D), assume 
T= 2"(Azr" + Aye" 1 +--+ Ay_it + An). 


IT. If f(x) = ce”, assume, in general, 


I= Ae’; 
but of (D— a)” ts a factor of P(D), asswme 
[= Age”. 


III. If f(x) =c sin ax or c cos ax, assume, in general, 
I=A swvax+ B cos az; 
but if (D? + a7)” is a factor of P(D), assume 
i=—77(Asin az +B cos ax). 
IV. If f(x) = e** d(x), place y = ez and divide out e%. 


V. If f(x) is the sum of a number of functions, take I as the sum 
of the particular integrals corresponding to each of the functions. 


dz 
Example 1. = 
eta ae dz 
This may be written (D + 8)(D — 2)y = e**. 
The complementary function is ce?” + c2,e—3*. To find the particular 
integral we place Le Aet® 


and substitute in the equation. We obtain 
iA Ag i e2: 
whence AST 
Therefore the general solution is 


y= cye2% ae c9e7 3% ft ay et”, 
d : op 
Example 2. —~+—-=sin2¥z. 
iy 


This may be written D?(D + 1)y.= sin 2 x. 
The complementary function is therefore c; + cox + c3e-*. To find 
the particular integral we place 


T=Asin2x+ Beos2z 
and substitute in the equation. We obtain : 
(8 B—4 A) sin2<¢—(4B+8 A) cos2e=sin2z. 
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To satisfy the equation we must have 
8B-4A=l1, 4B+8A=0; 
whence =75, A=-— xy. 
Therefore the general solution is 
y = C + cot + c3e-* — gy sin 22+ zy cos 2 2. 


d*y , 
—+y=sin x. 
dx? a 
This may be written (D? + 1)y = sin a. 
By III, we write J = Ax sin x + Bz cos x and substitute in the equa- 
tion. There results 


—2Bsinx+2Acoszr=sin z. 
Therefore B=—-}, A= 0. 


Example 3. 


The general solution is 


: ee : ec 
y = ce + cre ae eae cos x + C2 Bs RE 


107. Equations reducible to linear equations with constant co- 
efficients. Consider the equation 
n ay 


n d Y n—-1 d 
den TO gaa 


dy 
+.. "FOnit 7 + any = f(z); (1) 


where a1, @2,-*:, Gn-1, A are constants. This equation has the 
peculiarity that each derivative is multiplied by a power of x 
equal to the order of the derivative. It can be reduced to a linear 
equation with constant coefficients by placing 


7. = ef 
dy dydz dy 
h eT a ete Cocca ) 
yoeD dx dzdz © dz 
Py (pedi) ae ga PY ad 
dx? dz dz/dx dz. saat 
ee ee 
dx? dz dz? dz/ dx 
d®y dy d 
eth og ght ga ee oes 
and so on. da dz” dz 
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Hence pee = Dy, 
ve 
d*y 
ce ae (D? — D)y, 
d®y 
MPs A = D3 = D? 
d 
and so on, where D = —- 
dz 
For example, the equation 
wey 9 dy dys 
te eae ape 
becomes (D? + 2 D*)y = e?? 
whence Y = C1 + Coz + c3e7?” + zg €?? 


a Cals 
=c1 + ¢2loge+-atye% 


108. Simultaneous linear differential equations with constant 
coefficients. The operators of the previous sections may be em- 
ployed in solving a system of two or more linear differential equa- 
tions with constant coefficients when the equations involve only 
one independent variable and a number of dependent variables 
equal to the number of the equations. The method by which 
this may be done can best be explained by an example. 


Consider pte dy ae, 
a+ 24—8y=e*, 

These equations may be written 
(D—1)x+(D—4)y=e, (1) 
(D — 2)z + (D — 8)y = e!. (2) 


We may now eliminate y from the equations in a manner anal- 
ogous to that used in solving two algebraic equations. We first 
operate on (1) with D — 8, the coefficient of y in (2), and have 


(D?—4D+3)x¢+ (D2? —7D+12)y=2e*', (3) 
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since (D — 3)e°' = 5 e®! —3 e°'=2e°'. We then operate on equa- 
tion (2) with D — 4, the coefficient of y in (1), and have 


(D? —6 D+ 8)z-+ (D? —7 D+ 12)y = —2 e*', (4) 
since (D — 4)e?* = — 2e”'. By subtracting (4) from (3) we have 
(2D —5)x4 =2 e®' +2 e7!, (5) 


the solution of which is 


5 
x= ce?! + 26° —2e*!. (6) 


Similarly, by operating on (1) with D—2 and on (2) with 
D — 1,.and subtracting the result of the first operation from that 
of the second, we have 


(2 D—5)y=—3 e+e, (7) 
the solution of which is 
y= coe?! == 3°! “= e2!. (8) 


The constants in (6) and (8) are, however, not independent, for 
if the values of x and y given in (6) and (8) are substituted in the 
original equations (1) and (2), they must reduce the latter equa- 
tions to identities. Making these substitutions, we have 


5 
$(c1 — co)e** +e! =e, 
5 
and 4(c, — co)e?* + ec? = e?!; 
whence it is evident that co =c,. Therefore we have 


% = cet? + 2 e5t_ 2 gt 
y= cert = A eet _ ez 
as the solutions of the given equations. 

109. Equations of the second order. Equations of the second 
order are of special importance in applications. It is of interest, 
therefore, to sketch methods by which such equations can some- 
times be solved. 

In the first place, it is sometimes possible to reduce such an 
equation to one of the first order by placing 


dy _ 
Ress (1) 
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We may then place either 


dx? dx’ (2) 
or, since ap = ae dy 
dx dydx 

dy dp # 
dx?” dy (8) 
It is clear that if the given equation is of the type 

dy ot) 

ila oe dx a 0, (4) 


that is, if it does not contain y explicitly, then the substitutions 


; Leen d 2 : 
(1) and (2) give an equation in x and a whereas if the given 
equation is of the type = 


dy ot). 
sv, > 54 )=0, 6) 
that is, if it does not contain x explicitly, substitutions (1) and 
dp 


(3) give an equation in y and —- If pis found in either case, equa- 


dy 

~ tion (1) then gives an equation of the first order to determine y. 
As a particular example consider the case of a particle so moving 

in a straight line that the force acting on it is a function of the 

displacement from a fixed origin. Then if s is the distance from 

the origin, and ¢ is time, the differential equation of the motion is 


d’s 
2 = f(s). 
son de, s_ te 
wee dimmed a! ds 
we have pdp = f(s)ds; 
whence p= 2 [ss)ds +c, 


ds 
and, finally, —————————————— = t+ C0. 
dh cere + Cy 


In carrying out this solution it will usually be desirable or even 
necessary to determine the constant c; before integrating. 
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When the differential equation of the second order is of the 
linear type, other methods may be applicable. Consider the 
equation . 

d“y dy 

RIED PGT eee (6) 
where P, Q, and R are independent of y. We shall enumerate cases 
where the solution is possible. 

Casg I. If P and Q are constants, the equation is to be solved 
by the methods of §§ 102-106. 

CASE II. If P and Q are not constants, the equation is possibly 
of the type discussed in § 107. 

CASE III. It is possible that the left-hand member of (6) may 


: . : dP 
be an exact differential. This happens when Q = Fe and then 
equation (6) may be written * 


4 (40s my) =n; 
dxade (| 4) =? 
dy 
whence a Py =[r dx + ¢1. 


This is the linear type of Case IV, § 91. 
CasE IV. It is sometimes true that a solution of the reduced 
equation 


Te a AO (7) 


is known or may be found by inspection. Let y = y:(z) be such 
a solution, and substitute 


; Y= yz 
in (6). We have de, (pu ; de 
Y1 dx? dz = Y1 dz —= R, (8) 


which is of the type to which substitutions (1) and (2) are 
applicable. 
; CASE V. Occasionally two solutions of the reduced equa- 
tion (7) are known or can be found by inspection. 
In that case, if y= y; and y = y2 are the two known solutions 
of (7), then 
Y = Ciy1 + coy2 + I 
is the general solution of (6), and J may sometimes be found by 
the method of variation of constants or otherwise. 
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Case VI. We may try placing 


in (6). There results Paice: 
d?z du dz (du du 
uit (25+ Pu) E+ (S34 PS tauean. (9) 


If w can be so chosen that the coefficient of z vanishes, we have 
again equation (8), already discussed. Otherwise let us take u so 


that the coefficient of = shall vanish; that is, we take 
une Pe 


Then, after a few reductions, equation (9) becomes 


dz slg tHe a LP ax 
oes Ss oS Sepa pee 
7 + (2 Sie P )e Re ; (10) 
; Whee Sal . : 
Therefore, if Q — Bias uP? is equal to a constant, equation 
id Pa at k2 
. = 3 SF ee oe ee ae 
(10) is of the type of §104; if Q ar ow P 2 where 


k? is a constant, equation (10) is of the type of §107. 
Case VII. Finally we may try the effect of changing the in- 
dependent variables from x to t, where ¢ is a function of x to be 


apo dy ? dy dt ae dy 
ae dx dtdx dt 

d y 12 d*y " dy 
imei 6 drs 


and the differential equation (6) becomes 
d’y t’+Pt'dy @Q R 
—+—y=->: 11 
dt? oem Ab Z 2 = 42 ee 
We wish to choose ¢ so that (11) is of the type of §104. We 
accordingly choose ¢ so that 
t’? = kQ, 
where k may be +1 or any other conveniently chosen constant. 


te Pt’ 
Then if — 
obtained. We may also endeavor to reduce (11) to the type of 
§107, but nothing new is thus obtained. 


becomes a constant, the desired result is 
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It should be said that all these methods of solving a differential 
equation are likely to fail with equations which occur in practice. 
In such eases recourse may be had to a series expansion. The 
differential equation, or the series arising from it, then often 
defines a new function, which must be studied. We shall illustrate 
this method in the next section and study the Bessel functions 
from this standpoint in the next chapter. 

110. Legendre’s equation. Consider the equation 


d’ d 
(1-2?) S522 +n(nt Dy =0, (1) 


where n is a constant. To solve it we shall assume the series 
y — doa” ae ayant} ae aor” + 2 ue hes ; (2) 


and endeavor to determine the first exponent m and the coeffi- 
cients a; so as to satisfy (1). 


ed d? 
Computing and a from (2) and forming the terms of (1), 
we have -z vf 
—> = m(m — 1)agx™—2 + (m+ 1)mayz™—! 


dc z 
ly + (m+ 2)(m + 1)aex”™ +--., 
— «a= — m(m — 1l)agx™ — - --, 
(3) 
dx MaAox ’ 
n(n + l)y= n(n + 1)aor™+---. 


The sum of these terms must be identically zero if (1) is to be 
satisfied. Hence we must have, in the first place, 


m(m — 1)ao = 0, (4) 
(m+ 1)ma, = 0, (5) 
(m + 2)(m + 1)az2 — (m— n)(m+ n+ 1)ao = 0. (6) 


Equation (4) gives either m = 0 or m = 1, with ao arbitrary in 
either case. Let us take the first case, m = 0. Then from (5) ay 
is arbitrary, and from (6) 

n(n + 1) 
Se cmos 2 (7) 


Subsequent coefficients may be obtained by taking more terms 
of the series (3), but it will be better to obtain the general law of 
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the coefficients. To do this we will find the term containing x” +"~? 
In each of the series (3), this term being chosen because it contains 


; ’ d? 
a, in the expansion of es We have 


dx” 
dey _ m+r—2 
a ->>+ (m+r)(m+r— 1)a,x” ++., 
> d*y | 
— x” ie es (m+r—2)(m+ 7 —8)a,-2"™t"-2?—.. 
a 
dy 
= ——— ee —_ OATES es 
a. 2(m +r — 2)a,—2% : 
n(n + l)y — ce + n(n + NER pee el cP 


and since the sum of these terms must vanish, we have, after com- 
bining and factoring the coefficients of a,—2, 


(m+r)(m+r—1)a,+ (n-—-m—r+2)(n+m+r—1)a,-2=0. 
We are considering the case in which m = 0, so that we have 


ea ee) Ur tet) 


Spal r(r — 1) 


Ar —2 (8) 


which enables us to determine any coefficient from the one which 
precedes it by two terms. We have, accordingly, 


y=ao(1- ee 1) yop REGS 1)(n+ 3) ras) 
ag = SUC 
—1)(n—-3 2 4 
- SoD Beret s_...), (9) 


It is easily shown by the ratio test that each of these series 
converges in the interval (— 1, + 1). 

Since ap and a; are arbitrary, this is the general solution of (1) 
by theorem I, §102. The student may verify the fact that if he 
considers the assumption m= 1, discarded in solving (4), he gets 
nothing new, but only the second series in (9). 

By taking either ao or a; equal to zero, solution (9) becomes a 
single series, and particular interest attaches to the cases in which 
this series reduces to a polynomial. This evidently happens to the 
first series when n is an even integer and to the second series when 


270 DIFFERENTIAL EQUATIONS OF HIGHER ORDER 


n is an odd integer. By giving to the coefficient ao or ai, as 
the case may be, such a numerical value that the polynomial 
becomes equal to unity when z is unity, we obtain the following 
system of polynomials : 

Po(x) = Le 

P 1 (x) = 7%, 

P2(x) =4 0 =k, 

P3(x) = $ 2° — $2, 


+5 5-3 -1 
Pa) = Rot ~ 2792 ta’ 
qf 7-5 5-3 
Pi) ra ag! eae 


These are called the Legendre polynomials. Each satisfies a 
Legendre differential equation in which 7 has the value indicated 
by the subscript. 

The Legendre polynomial P,,(x) is the coefficient of h” in the 
expansion of 


o = (1—2ah+h?)-? (10) 


in ascending powers of h. The student may easily verify this for 
the lower values of n by actually expanding (10) by the binomial 
theorem. To prove it for the general term, we first form the fol- 
lowing identities by differentiating (10) : 


(1 — 2h he) = w—Wys, (11) 
Ob Spee cor 1 
Fyn oD hee i) 
Now place oH) Se (18) 
n=0 


It is obvious that A, is a polynomial in x of degree n. Also, if 


x= 1 in (10), then d= 


1 
rae and therefore A, in (18) is equal 
to 1 when x = 1. Hence if we can show that A, satisfies Legendre’s 
equation, it will be identified with P,(x), since our solution of 
Legendre’s equation has given us the only polynomials which 
satisfy that equation and have the value 1 when z = 1. 
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Substitute from (18) in (11) and (12) and equate coefficients of 
h”~* on both sides of the resulting equations. We get 


nA, — (2 — 1)e%An-i + (n—1)A,-2 = 0, (14) 
{ dAn_1 dA,n-2 
ae ee ae (n — 1)An-1. (15) 


Replacing n by n+ 1 in (15), we have the equivalent formula, 


dA, iy dAn-1 ed 16 
da CPD eas oy) 


x 


dAn_2 


By differentiating (14) with respect to x and eliminating 


b : dx 
vy, (15), we have dan ; yee : me 
dix deghge, sus 
Then if (16) is multiplied by — x and added to (17), we have 

dAn 


By differentiating (18) with respect to x and simplifying the 
result by means of (16), we have, finally, 
dA, dAn 
ne aye dx + n(n+1)A,=0. (19) 

This shows that A, is a solution of Legendre’s equation. Hence 
for the reasons already stated A,(x) is the same as P,(2). For- 
mulas (14) to (18) may be rewritten, replacing A, by Pn, and give 
important relations connecting Legendre polynomials with dif- 
ferent indices. 

Another class of polynomials related to the Legendre poly- 
nomials may be found as follows: 

Differentiate equation (1) m times with respect to x and place 
eae =v. We obtain 
dx 


ay ee Sg a i em A 1)y- = 0 (20) 
dx? dx ; 


(lee) 


an equation which is satisfied by 


9p (21) 
dx” 
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ed 
2 


In (20) place w = o(1 — x”)?. 


d?w dw [ 


We get 
2 


m 
be 


(1 — 2?) fu =0. (22) 


This equation, which differs from Legendre’s equation in an 
added term involving m, is called the associated Legendre equa- 
tion. It is satisfied by awe 

w = (1 — 2”)? — P, (2). (23) 
dx 


This value of w is the associated Legendre polynomial and is 
denoted by P27). linn >, 2,7 (a) = 0: 


EXERCISES .- 


; d? : : 
1. Assuming that the solution of eo +y=0isy=c, sinz+ cy, cos z, 
ap ; 
pane : d? 
find by the method of variation of constants the solution of oe +y=tanz. 
ce 


; : d? 5 , 
2. Assuming that the solution of +y=0isy=c, sinz+ co cos z, 
xc 2 
find by the method of variation of constants the solution of : : 
; ; d? d a 
3. Assuming that the solution of = —2 = + y= 0is y= (c; + cox)e*, 
x fe 


find by the method of variation of constants the solution of 


+y=secr. 


d*y _ dy ae 


dx? dx u lesees 


; . d*y _dy ; 
4. Assuming that the solution of (1 — 7) —+2r—~—y=0 is 
dx? dx 
Y = Cx + Ce", 


find by the method of variation of constants the solution of 


dy 


d2y 
hes aed 
( eg tis. 


—y = (1 —2)?’. 
Solve the following equations: 


d? d 5 
[yeah Phat JE aay rer ey a a ye 


dca ds dx? de 

d*y dy d*y dy 

Gee Bs = 10 ibe ad E ay at) ee 

ce dx u ae reer aye 
d? d zi 

ij ed ae Yet ed Th ay, fo, 0 piggy eee 


dx? dx dx? dx 


EXERCISES 2738 


d*y dx dy 
ea ae = 3 x. 20. 2 — BE pee 
Bee A hoa GET 8 giesien} 
d*y dy dx dy 
12, —+ — = 2-4 oF y —+—+2y= t, 
aaah ae ee +e at ap + oY = 08 2¢ 
d‘y | d’y d’x dy 
18) = 9: oii ee 
dx* dx? dit. di 
d°y dy dy 
14. — = cos x. ——2—42x-y=??. 
dx Ae dt? Tere ee 
d®y d*y dy”. dy dy 
15. —— —4——$+4—=e??¥ +1. 22. ———+227=0. 
dzx* dx? ss dx aes dx? dx ae 
d*y dy , d?y dy 
16a os—— 6) i, a el ae 
de? nas y= ne oF 0 
ody | . dy : d®y dy\? 
ie oe 65, ator oan (ae av) = dy\” 
de? i, dx a da® ae (2) 
d3y dy dy d2y ey 
18. 775 ——+32°?—+2r—=727°. 25. —— st (—— | = 
dx? dz oe dx - Ce dee de 
dx , dy d?y (# 2 dy 
19. —+—+y=0, NR, Vee Js @ |S —=(, 
ids” Ye ae 
dx dy d°y dy 
—+—-—227+38y=0. 27. —+2y—=0. 
dt’ dt : dx?) ae 
d*y dy 2 
ee — elt I 
id dx* (2) 
2 
29. en (2 4 et y= re? 
das dx 
d*y dy : 
Soe?! a 
d*y dy 
31. x? — — 27? — x? — 6)y = 0. 
ei dx? dx = y 
32. Co tan ee no tan? 7 = sin x. 
dx? dx 
d*y dy a 2 
33. — 8e —1) —4+ 2 e*-'y =2 e**. 
dx? ve ) dx 4 
2 d : ‘ 
34. ay + (2 sin x — etn 2) oY + y sin? x = sin‘ zx. 
dx? dx 
Solve the following equations by expansion into series: 
ay 42 d*y 
_— =: 37. — + nzy = 0. 
35 i + k*y=0 7 Y 
dy dy oty , 9 dy 
yi ——ny=0. 38.27 —<+ 27 — + (t— 2)y=0. 
36. (1 + 2°) i +2 ie ny = 0 a i re ( yy 
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d 

39. (e — 0%) 4 Heats 2y=0. 
a dra 
40. Prove that ——— Ena Sa = (2 1 Pp. 
dx dx 
41. Verify for small values of n the general formula 
Laer Oe aan bs 
P,(x) = 5” onl dan epee) & ler 


42. A particle moves in a fee line from a distance a toward a 
. ; k 

center of force which attracts with a magnitude equal to re If the 
r 


particle was originally at rest, how long will it be before it reaches the 
center ? 

43. A particle moves in a straight line from a distance a toward a 
center of force which attracts with a magnitude equal to kr— 2, If the 
particle was originally at rest, how long will it be before it reaches the 
center? 

44. A particle begins to move from a distance a toward a fixed center 
of force which repels with a magnitude equal to k times the distance of 
the particle from the center. If its initial velocity is Vka2, show that 
the particle will continually approach the center but never reach it. 

45. A particle moves along a straight line toward a center of force 
which attracts directly as the distance from the center. If it starts from 
a position of rest a units from the center, what velocity will it have 
acquired when it has traversed half the distance to the center? 

46. A particle moves in a straight line from a distance a toward a 


center of force which attracts with a magnitude equal to s eG 
r 
noting the distance of the particle from the center. If the particle 


eck ; 1 hoa 
had an initial velocity of ——» how long will it take to traverse half the 
distance to the center? Va 


47. A particle of unit mass moving in a straight line is acted on by 
an attracting force in its line of motion directed toward a center and 
proportional to the distance of the particle from the center, and also 
by a periodic force equal to a cos kt. Determine its motion. 


48. A particle of unit mass moving in a straight line is acted on by 
three forces: an attracting force in its line of motion directed toward a 
center and proportional to the distance of the particle from the center, 
a resisting force proportional to the velocity of the particle, and a 
periodic force equal to a cos kt. Determine the motion of the particle. 

49. Under what conditions will the oscillations of the particle in: 
Ex. 48 become very large as the time increases ? 


CHAPTER XII 
BESSEL FUNCTIONS 


111. Bessel’s differential equation. Consider the equation 


ee 
sata + (a? n2)y = 0, (1) 


where ” is a constant. To solve, we proceed as in § 110, assuming 
for y the series 


Y = ax” + aya” t+ aox™t?2 +... 4 aor 4... (2) 
We get 
2. 
ao = = m(m— 1)aor” + (m+ 1)mayx™t} 
F + (m + 2)(m + Laze™*? +++, 
x = = maox™ + (m+ 1)are™t! + (m+ 2)aox™t+? +.-., 
6 n*y — aaa n7aox”™ pa nay +1 fA naa” + 2 ee, 
x7y = agu™ +2 de ae 
Equating to zero the sum of the coefficients of each of the first 
three powers of x, we have (m2? — n?)a = 0, (3) 
[(m + 1)? — n?]a; = 0, (4) 
[(m + 2)? — n?]a2 + ao = 0. (5) 
To obtain the general expression for the coefficients, we have 
d? 
2 Pena n(n r— 1)aeml ta, 
dy m+ 
t= set CTO, 1, 
dx 
—n’y= -— 170,07 tT — ooo, 
e7y = -->-+ta,_o7"t"+- a 


Equating to zero the sum of these coefficients, we have 


[(m +1)? — n?]a, + a--2 = 0. (6) 
275 
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Equation (3) may be satisfied by m =+ 1. We shall first take 
m=n. Then from (4), (5), and (6) we have 
ay ==_0) 
Vogein20 See 
2(2n +2) 
Ar —2 
bee r(2n+ r) 


a2 = 
a, = 


By use of these results we obtain the series 


a? 


~ 2(2 n + 2) 


at 


2-4(2n+2)(2n+4) 


nau 
- aoe 


Similarly, placing m = — n, we obtain the series 


Y1 = Aox” (1 +b 


2 4 


3 x 
1 (oie ERATOR 2D) gee) 


76 
UT Ch ie ei aa ) (8) 
If n= 0, the two series (7) and (8) are identical. If n is a 
positive integer, series (8) is meaningless, since some of the coeffi- 
cients become infinite. If n is a negative integer, series (7) is 
meaningless, since some of the coefficients become infinite. Hence 
if n is zero or an integer, we have in (7) and (8) only one particular 
solution of the differential equation, and another particular solu- 
tion must be found before the general solution is known. But if n 
is not zero or an integer, each of the two series converges for all 
values of x, as the student may easily show by means of the ratio 
test (§19). Hence we have two particular solutions of (1), and 
the general solution is y= Cr sea 


112. Bessel functions of integral order. We shall restrict our- 
selves in this section to the case in which n is an integer, leaving 
to another place the consideration of fractional values of n. We 
consider in the first place that n is a positive integer. The series 
for y: in § 111 converges. To make the solution definite we place 


= a 
7 2Pn! 


Yy2 = cat™*( 


ao 
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and have the Bessel function of the first kind of order n, where n 
is a positive integer. This is denoted by J,(x), and accordingly 
x? x4 


ae 
i) = SA Se 
) ral (n+ 1) * 242i +d m+ 2) 


a 
enc 
x” grt? "pnt 
~ 2"! 2"*2(n +1)! "+421 +2)! 


nts 
~ 2831 p38)! * 
The general term is 


(— 1) 


gn t2k 


On+2k Em +k)! 


If we place k=0 we get the first term of the expansion of 
J,(x) provided we place 0! = 1, which is customary, as an obvious 


extension from the general relation (n — 1)! = se 
We have, finally, a 


n+2k 
In(x) = = 


Nis |) Fine Dt (1) 


This holds for positive integral n’s and also for n=0. In 
particular, a 


2k 
Jo(z) =1— 2 te 24(2!)? ma "asses in} 221)? Tiere) 
5 2k+1 


oe “5 2 oe 
ees i — 1) es Vet eale 1)! 


Mies : ~ 93917 252131 
From the series given above many important relations may be 
obtained. We shall first prove the relation 


tees (8) 


dx 


It is evident that the derivative of the second term of (2) is the 
negative of the first term of (8), and that the derivative of the 
third term of (2) is the negative of the second term of (3). To 
show the general law we take from (2) the term next after the one 
written; namely, 2k+2 


CO" FET DF 


ta Ji) == — J 1Cr)- (4) 
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(2k + 2)x7*t1 
22+ 20k + I) 


which reduces to the last term written in (3). 
Hence equation (4) follows. 
The general term of x”J,(x) is 


(ea 


Its derivative is (—1)**! 


g2nt2k 


On+2kK(n +k)! 


and if this is differentiated with respect to x, it becomes 


pent 2k—l 


Vee ee 
(— 1) pa Pk D! 


which is the general term of J,,_1(”) multiplied by x” 


d 
cE (x"J,(2) |) = 2" Jn-1(2). 
In the same manner we may prove that 
d 
— qt “In(e)d an ie nN Bev | G7) Fe 


From (5) we have 


ae ose (2) + pn 2 = or J,_1(0), 
GF) im n 
or, rearranged, pee tome Jn—1(") — - he Ve 


Similarly, from (6), 


dJn(x) _ 
ce a= : Ind) = Ja ul bre 
Then by combining (7) and (8) we have 
d 
Jn-1(%) — Jnsilx) = 2 a 
In— ~1(@) + Jn4i(X%) = =" J4(2). 


. Hence 


(5) 


(6) 


(7) 


(8) 


(9) 


(10) 


We have as yet no definition of J,,(~) when n is a negative inte- 
ger. Series (7), § 111, then fails to converge and series (8), § 111, 
gives nothing new, for if we place n = — m in (8) we have simply 
series (7) with n= m. We shall therefore introduce a definition 
for J_,(x) with n an integer by demanding that the relation (10) 


shall be true for negative values of n. 
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If we place n = 0 in (10), we have 
J_1(%) = — Ji(2). (11) 
If we place n = — 1 in (10), we have 


2 
F252) + Jo(x) =— - ite); 
whereas if we place n = 1 in (10), we have 
2 
Jo(x) + J2(x) a = J1(x). 


Combining these last two equations with the aid of (11), we 
have Taala) = Tos (12) 


Again, placing in succession n = — 2 and n = 2 in (10), we have 
4 
J_3(x) + Ji(x) =— . J_2(x), 


4 
Ji(x) + J3(x) = z J2(x) 
whence, by aid of (11) and (12), 


J_3(x) = — J3(2x). (18) 
Continuing in this way we reach the general result, 
J_n(x) = (— 1)"Jn (a). (14) 


We have not, however, an essential new solution of equation 
(1), $111, and theorem I of §102 is not yet applicable. 

It is now easy to show that equations (5) to (9) are valid when 
nm is a negative integer. 

113. Roots of Bessel functions of integral order. We shall prove 
the following theorem : 


Between any two consecutive real roots of J,(x) = 0 lies one and 
only one real root of Jn4i(x) = 0. 


From Rolle’s theorem we know that between two consecutive 
real roots of x~"J,(x) = 0 lies at least one root of the derivative 
of «~"J,,(x), which, by (6), § 112, is —2~"Jn4i1(x). No root of 
x~"J,(z) can coincide with that of its derivative, — 2~"Jn4i(@), 
for if we place y= x "J, (x) we have 

d’y 1+2ndy 


—(0: 
dx? x acene ¢ 
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and if both y and dy are zero for the same value of z, so also 
dy dx 
dx? 
equation, are zero, and y is a constant. 

Again, if in (5), $112, we replace n by n+ 1, we infer from 
Rolle’s theorem that between any two roots of #"*!Jn41(x) = 0 
lies at least one root of 2"*1J,(x) = 0. 

Hence, disregarding for the moment the case in which a root 
of «~"J,(x) = 0 is zero, it follows that the roots of J,(x) = 0 and 
Jn41(2) = 0 lie as stated in the theorem. 

To cover the case in which x = 0, let x = £ be the smallest posi- 
tive root of J,(x) =0. Then x = — € is also a root of J,(r%) = 0 


=(. Then all derivatives, computed from the differential 


as is seen by the series expansion. Hence by Rolle’s theorem and 
(6), §112, there is at least one root of x«-"J,,41(2) = 0 between 
x=é&andx=— &. Such a root is x = 0, as is seen from the series 
expansion for J,,:(2). There can be no other root between & and 
— £, for if there were, x = & would not be the smallest root of 
Jn(x) = 0. Hence the theorem is proved. 

The theorem is illustrated in the graphs of y= Jo(x) and 
y= Je) Pigs 95). 

114. Bessel functions of integral order as definite integrals. We 
shall first prove that the coefficient of ¢” in the expansion of 


c/a 

t=) = . e,e F 
gal i) is J,(x), where n is a positive integer. We have, by use 
of Maclaurin’s series, 


eth) te ae, 
ded 
=(145 t+. Ct ee +. .)(a Fett Diet 2) 


We shall obtain the term containing ¢” in the product, when n is 
positive, by taking 1] = + k in any term of the first series, multi- 


plying that term by the term in the second series which involves — Le 
and summing on k. We have te 
gr +2k 


ra! SRG EDI = Jn(x)t". 
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eel Sar 
To find the term containing pe Wwe place k =/+ n in any term 


of the second series, multiply that term by the term of the first 
series which involves ¢’, and sum on J. We get 


(— IIo) = ate lo omere 


This is what we wished to show. 
Hence 


ACT ARORA EERO ane Eee Oy ee 


+ J_i(x)i™ + J_o(a)i-7 + +--+ J_,(@)t"+--. 
Now place ' 
i= e, = e?, t— a e* — e¢- — Oi sin od. (2) 
Then on the left of equation (1) we have 
x 1 é : 
eae = ev sin? — eos (x sin d) +7 sin (x sin ¢). (3) 


On the right we combine each pair of terms containing ¢” and 
t-” and, by use of (11), § 112, we have 
1 ane |, 1 
Jo(a) + (a(t 7) + Jalen( 1? +55) + Jalen =) + 


1 
_ Ja(a)(P*+ )+ Janu (2 etd wisi) + AD Oo, (4) 


By (2), thy Tem Pht + eh = 2 cos 2hd, 


p2k+1 a BEF = e(2k+Die << oe (2k+Die = ?279sin g k + 1)¢, 


so that (4) becomes 
Jo(x) + 2 Jo(x) cos 26+ 2 Ja(x) cos4G+::- 
+2 Jo.(x) cos2ko+--- 
+ 7[2 Ji(x) sin @6+2J3(x)sn38o+::: 
+2 Jex4i(x) sin (2k+1)6+---]. (5) 
This is to be placed equal to (8), and the real and imaginary 
parts equated. The result is 
cos (x sin d) = Jo(z) +2 Jo(x) cos2p+2J4(xz) cos4g+---, (6) 
sin (x sin @) = 2 Ji(x) sin 6+ 2 Jz(x) sin 3 ¢ 
+2J;(4) sn5ig@+-::-. (7) 
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We know from elementary integration that 
cos? nb dp = sin? nd dd = us 
0 0 2 
[cos ko cos nd db =| snkd sinn@d=0. (k #n) 
0 0 


Hence if we multiply all terms of (6) by cos n@ d@ and all terms 
of (7) by sin n@¢ d¢, and integrate between 0 and 7, we have 


apa ry = [cos (x sin ¢) cosnddd, (neven or 0) 


v= = { “cos (x sin d) cos nddd, (n odd) 

w Jo (8). 

IAG = {sin (x sin @) sin nddd,_ (n odd) 
wT Jo 


Oi = [sin (x sin d) sin n@dd. (n even) 
From this it appears that 
Jt) = : i ee (x sin @) cos nd + sin (x sin d) sin ndldd 
whether n be odd or even, and therefore 
Jat) = 7 f “fast (nd —xsin d)dd. (n any integer) (9) 


Another integral form may be obtained as follows: 
We have seen (§ 68) that 


[osin?*e cos?* dg =2 [ *sin2*g cos’*¢ dé = B(n +4, k +4) 
0 
_Tmt+ark+3) 


Tint+tk+l) 
aS Pee 2 Nice L) id See cee) 
x antk(n +k)! a 


Therefore 


1 gntk a 
a smHon 2k 
(n+k)! TEVA Sere PAS Cah 
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If we substitute this in the general term of J,,(x), that term 


becomes 
a” +2k 


ee i ets 
at! DeSIR See OR1 ye She kl) rd o p cos** hdd 


—(— a ef 2k 
= (- 1) @bl-1:3050n—=De> ™ $ cos?* h dp 


Pee ee ey Fe, ; (x eos p)?* 
=e 6|(-1) (2k)! Jeo, 


Let this now be summed on k. Since the Maclaurin expansion 
for cos x gives 


(x cos p)?* 
cos (x cos ¢) = > (— 1)* —__—, 
we have A > (2k)! 
- ane Nene Ss 
ace) — toa Te Sel sin“"¢ cos (x cos d)dd. (10) 
Still another integral may be obtained as follows: 
In (10) place £= COS @. 
We have 2” 
ee eee _ #2 n—-% 
ate) oe @ oe ie (1—¢t*) 7 cos (at)dt. 
Evidently ia (1 — #2)"~} sin (2t)dt = 0, 
=1 


since the function to be suerte is an odd function. Therefore 


tx) = SS ie (1— t?)"~? [eos (xt) +7 sin (xt)]dt 
x” tts cb (4) eee, n—-% 


This is sometimes taken as the starting-point for the discussion 
of the Bessel functions. 
115. The function J,(x). Another Bessel function of importance 
is defined as follows: 
Tet 2S, (02) 
Ss TD)" Gx)" 
7 Lorin Lb! k)! 


grt 2k 


“leat kyl? (1) 


in particular, Io(x) “Ss 
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Formulas (5) to (10) of §112 lead to corresponding formulas for 
I,(x). Consider 


d d : ’ 
— [rr +)| = — Ix” ye v 
FP [e" Le)] cE [x (x) | 


a ad (70) : 
te al (Veale sti) 
th 8! 1 Son cing & 
= Bn Wan) [(ir)”" J, (22) | 
1 : 

— jen-l (0x) SS eit) Lby (5), §112] 

is Yar dasa Pel (id Wen ro h- Cd (2) 
Similarly, “ EWE (GR Poh ol rere ye | (3) 


The two formulas (2) and (8) lead to 


2 
= ler = Os (4) 
d 

and 1,40) Iga) = 27 In(2). (5) 

It is also easy to show that 

YS I,(2) 
satisfies the differential equation 
d’y _ dy 
Be. pate 2 2 — 

or eae (a* + n*)y = 0. (6) 


116. The Bessel function of fractional order. Referring to the 
definition of J,,(x) for integral n, we may form the definition for 
fractional n’s by replacing n! by I'(n+1). Now both of the 
series (7) and (8), § 111, converge, and we have the two functions 

xn a2 1)%a%-t7" 
Tin+1) = Oe+ 2kEIT (7 ey @) 

—n (— 1) ee 


Bnet te 8 ot oo 
2-"T'(—n +1) - =D on pk et (2) 


Jn(X) = 
andes 252 


The complete solution of the Bessel equation is, then, 


Y = CJ n(X) + CoT_n (2). 
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The formulas already derived, so far as they depend upon 
properties of m! which are shared by I'(n+ 1), evidently hold, 
but those which are based upon the hypothesis that n is an integer 
evidently fail. It appears, then, that formulas (5) to (10), §112, 
still hold. Formula (9), §114, is not applicable, but formulas (10) 
and (11), §114, may be replaced by 


hn y= ae alee sin? nd COs eR COS p)dd, (3) 
x 1 

Jn (at) = —=———_ | e*"(1 — 2)"-4 at, 4 

(x) = Seal (1—e)"-} at (4) 


since the proofs of §114 may be repeated for fractional values of 
nm with the use of the Gamma functions. 
Special interest attaches to the case in which n = 4 or an odd 
; xe 
multiple of 3. (— 1ytarke?* 


We have Jx(x) =D are LD 

But N(k+ 3) = (k+43)k-4 eS ) 
(Clee = CAE a) ‘lV 
ing ee akin: le 


ee 1)*x 2k+1 [2 : 
Therefore J;(x) = Ne eel arak Tape GED! =A\\7, Sine 


by Maclaurin’s series for sin x. 
In a similar manner, J_1i(r) = = — cos x 


By use of (10), § 112, J,(x) may now be found in terms of sin x 
and cos x for any n of the form heel 
2 


117. Bessel functions of the second kind. When n is not an 
integer, the complete solution of the Bessel equation is 


Y = CI n(%) + CoJ_n(X) ; (1) 
but when v is an integer, 


and (1) contains only one arbitrary constant and is therefore not 
the complete equation. We must therefore seek another particular 
solution. 

We shall apply theorem IV, § 102, and place 


y = Jn(x)u (3) 
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F du d 
in the Bessel equation. Then if p= Fs and Jaq (i) = gtd (e)), 


the equation for p is readily found to ys 


Sra Na *) 
dx 4 
leva Ws se 
whence 2 log J,(x) + log x+ ee (We 
Theref renee (5) 
erefore Pe iv. ye’ 
dx 
and u= EN base + Co. (6) 
By using the aS series for J,(x) we can write (5) in the ees 
De ent (Co a6 ca? ae cox* ase +2), ‘ (7D 


where the coefficients do not need to be explicitly determined for 
our present purpose. It is essential to notice, however, that the 
series for p involves a term Cn 
os (8) 
if n is a positive integer, and that the coefficient c, can be taken 
as unity because of the arbitrary constant C; in (6). Hence, from 
(7), we have for u a power series of the form 
u= bor?" 4+---+b, 1277 + C3 + log e+ bnyia? +--+. (9) 
Using this in (8) we get 
y= J,(@) loz 2 + P(x), (10) 
where P(x) is a power series in x arising from the multiplication 
of the series (9) by the series for J,(x2). We have then 
P(t) = aoe" + aoe” "*7 +--+ age 827 4---, (11) 
and shall proceed to determine the coefficients by substituting the 
solution (10) in the Bessel equation. We get 
2 xJn’ (x) + x?P'' (x) + 2P'(x) + (4? — n?)P(x) =0, (12) 
which can be written 


k= f= 0 
> 2(n + 2k) Ape”t?* + >) Bo," +?" = 0, (18) 

k=0 r=0 

a egal) 
where Ay= Qrt2R En + hy!” (14) 
Bo = 0, (15) 


Be, =4r(r—Nn)d2,+a2,-2. (r >0) (16) 
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When r < n, the terms of the second series in (13) involve 
powers of x which do not occur in the first series. Hence for such 
values of r we have Fee Mayan) (17) 


which, from (16), gives the recurring formula 
2 r—2 
Qo 
2?Tr!(m —1)(n— 2) --- (n—1) 
where dp is still to be determined. 


On the other hand, when r 2 n, the terms of the first series in 
(13) combine with the terms of the second series. We place 


r=n+hk, (kK=0, 1, 2,---) (20) 
and have as the coefficient of x”+?* 
2(n+2k)Ap+ Bontor =), 


2 Gi< n) (18) 
whence 


a2, = > (r <n) (19) 


which gives 
Qin +2k)Ap +4 k(n + k)dansertGantanr-2=0. (21) 
When k = 0, (21) gives 
Dae aes 0) (22) 


We determine Ag by placing r=n—1 in (19) and determine 
d2n—-2 by placing k= 0 in (14). We then find, from (22), that 


(n—1)! 
2S ereeamnt (28) 
so that, from (19), 
Re ps igdagen ia LE ee (24) 


When k > 0, we may write (21) in the form 


Q2nt+2k  A2n+2k—2 1 ul : (25) 


eee OkinskyA,. ke nek 


From (14) we have 
2k n+h)Ap=— s Aj-—1- 


Hence (25) gives us the recurring formula 


—2 


Gant2k den+2k-2 1 : (26) 
ac A; re Ax-1 +; fap 
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Our formulas leave a2, undetermined, since k cannot be placed 
equal to zero in (26) and r is less than m in (24). Therefore we 
may give a2, an arbitrary oy which we shall so choose that 

A2n 


~282a145 +3 Lie fe (27) 
By repeated application of (26) we have now 


i) uy) 1 1 
dayne =— 5 AL 5 4 +E +1454 ™ a —|. (28) 
All the coefficients of P(x) in (11) have now been determined by 
formulas (24) and (28). Hence we have from (10) the solution of 
the Bessel equation which we shall call K,(x); namely, 
Gee ar 1) ee 
IGRE9) = JX) log ie 9 2 "= nt hry 


‘i 


3S oe 1 1 

2 2 Emp o!iL tat TE 
1 1 

#1454045], (29) 


In the second summation, when k = 0 the terms 1 + = st: -+— 
are to be omitted. k 
We have now as a complete solution of the Bessel equation 


Y = Cid n(X) + CoK (2). (30) 


By giving different values to the arbitrary constants in the 
last equation various forms of the solution of the second kind may 
be obtained, and some of these forms, denoted by various letters, 
have been used by different authors. 

It is possible to show that K,,(«) satisfies the relations (5) to 
(10), § 112, which are satisfied by J,,(x). 


EXERCISES 
1. Prove formula (6), § 112. 
2. Prove that “ [o"Jn(on)) = ax"—*J,, 4 (ax), 
d’y -1+2ndy 


dx? ce ds 
is satisfied by OS i GEG): 


3. Show that 


+7 2 = 0 
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d*y 


4. Show that x— 7 so (+ n) =a y¥=0 
aC 
is satisfied by ase 3 me) 
dy 
5. Show that git -pty=0 
is satisfied by y = 22J,(2 V2). 
2 9 
6. Show that oe 4 ee =() 
dx a dx 
is satisfied by OE = er Saye 
2, ae 8 
7. Show that +(e" =)y=0 
dx* a 
is satisfied by y = VrJ, (az). 


8. Prove that 
OS he) Sd eo) J (Sige ge oC 
9. Prove that 
. IED) = VAG) ae Lay aD) S aes AD) 
10. Prove that 
23 Jn!" (2) = In—s(t) — 8 In—a(2) +8 Inai(2) — Inga(2). 


i} 
11. Prove that Jo(x) = ——Jo' (x) + Jo’’ (2). 
x 


2; 
12. Prove that J_1(x) = V— COs x. 
mes TL 
13. Prove that J3(x) a4 ara — cos x). 
TL x 


14. Prove that J_s(x)= == (- sin x a *). 


— x? 3 
sin 4 —~ cos x). 


cos n). 


15. Prove that Js(r) = \2 C= 


xr? 


16. Prove that J_s(x) = 1 e sin 2 + ee 
17. Prove from (1), § 114, that 
k=0 
In(e+y) = >) Se(a)In—2(2)s 


=—@ 


where n is an integer. e m x " 
18. Prove by multiplying the expansions for e?\ ‘” ande 2 ** that 
[Jo(a)]? + 2[Ja(x)]? + 2[ Jae) P +--+ =1. 
19. Verify formulas (11) and (12), $117. 
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20. Show that the equation 
O° Vem CV eeelicay, 
=—_ -f meas foe -+ a _ — 
hee Ge OR al 
is satisfied both by 
V=cos n6J,(r) andby V=sin n6J,(r), 
where n is an arbitrary constant. 


+V=0 


21. Show that the equation 
av ,10°V av 1aV_, 
On 47 067 02" For 
is satisfied both by 
V =e*** cos ndJn(kr) and by V=e**?sin ndJ,(kr), 
where k and n are arbitrary constants. 


22. Show that Lim J,(z) =0, and then show, by repeated use of 
(10), § 112, that “” 


In—-1(X) = : [nJn(x) — (n+ 2)In4o(x) + (1 +4)Inga(2) —- +], 


the series extending to infinity. 
23. Show that 


dJn 2 
Ze) = =| In(x) — (1+ 2)In42(%) + (n+ 4)Inga(x) —-- | 


24. Show that Dineen pore Gh Ca LA Go 
e > 0 
where n is an integer. 
25. Show that JQ@@) = Z f “cos (x cos d)dd. 
10 
26. From Ex. 25 show that 


fe-=Jota) =—= 


Va? + 6? 


CHAPTER XIII 


PARTIAL DIFFERENTIAL EQUATIONS 


118. Introduction. A partial differential equation is an equation 
which involves partial derivatives. In but comparatively few 
cases can the solutions of such an equation be written down ex- 
plicitly. It is not the purpose of this text to discuss the theoretical 
questions involved in the study of partial differential equations, 
but merely to notice certain equations which are important in 
applied mathematics and to indicate certain methods for their 
solution. We shall accordingly leave untouched such questions as 
the proof of the existence of solutions, the convergence of series 
involved, and the validity of operations upon such series. 

In general the solution of a partial differential equation involves 
arbitrary functions, just as the solution of an ordinary differential 
equation involves arbitrary constants. In a practical application 
the problem is usually to determine a particular function which 
will satisfy the differential equation and at the same time meet 
the other conditions of the practical problem. 

119. Special forms of partial differential equations. Partial differ- 
ential equations sometimes occur which can be readily solved by 
successive integration with respect to each of the variables, or 
which can be otherwise solved by elementary methods. No gen- 
eral discussion can very well be given for such equations, but the 
following examples will illustrate them : 


072 


Example 1. ——— = 
Ox Oy 


By integration with respect to y we have 
Oz 
—— 1)'s 
an $1 (2) 


where ¢; is an arbitrary function. Integrating with respect to x, we have 
2= do(x) + $3(y), 


where both ¢2 and @3 are arbitrary functions. 
AAI 
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ok 
Example 2. a =-—a’z. 
(Chips 
If x were the only independent variable, the solution of this equation 
would be Z2=c, sin ax + Ce COS aL. 


This solution will also hold for the partial differential equation if we 
simply impose upon c; and cz the condition that they be independent of 
x but not necessarily independent of the other variables. That is, if zis a 
function of x and y, we have for the solution of the differential equation 

z= dily) sin ax + do(y) cos az, 


where ¢i(y) and ¢2(y) are arbitrary functions. 


072 072 
Example 3. —~ — a?—=0. 
i (ite oy” 
If we place x+ay=u and x—ay =v, the differential equation 
becomes O22 
Gudv 


the solution of which (Example 1) is 
z= ilu) + ho(0). 
Hence the solution of the given equation is 
z= oi(x + ay) + Go(x — ay). 
When a? = — 1, we have 
2= pile + ty) + go(x — ty) 
as the solution of the equation 
072 Oz 
Cx7 * ey? 
120. The linear partial differential equation of the first order. 


This is the equation Oz Oz 
Ie Ox +Q By = R, (1) 


= 0. 


where P, Q, R are functions of z, y, z. 


Let this equation be solved for is so that 


: Ox 
2 Oz 
a M+WN ay (2) 
By successive differentiation of (2) we may form all derivatives 
of the type arts, 


Ox" oy® 
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Oz . 
in terms of x, y, z and By’ except that we cannot determine the 


partial derivatives ay with respect to y alone. We may therefore 
0% O"2 
assume the values x = 20, y = Yo, 2 = 2, (= ees (55) ae 
oy 0 oy” 0 
PN eS cP 
arbitrarily and compute the values of Coa from these. 
/ OY /0 

By using these results we have a Taylor series, as in § 38, which 
formally satisfies (1). It may be shown that this series will 
always converge in the neighborhood of (xo, yo, 0) and therefore 
defines a solution of (1). The terms in y in this series define a 
function of y which is arbitrary, since the coefficients of y in the 
series expansion are arbitrary. 

The discussion given above sketches the proof of the existence 
of the solution of (1) and makes clear why it is that the solution 
involves an arbitrary function. Actually to obtain the solution, 
the following method, based upon geometric considerations, is 
preferable: 


Let z= f(z, y) (3) 

be a solution of (1). The normal at any point to the surface 
O20. 

defined by (8) has a direction = ce :— 1 (§ 47), and (1) asserts 
that this direction is orthogonal to P:Q:R. That is, the values 
of P, Q, and R as determined at any point determine a direction 
on the surface (3). Hence if this direction is followed from point 
to point of (3), a curve is traced on (3). This curve is, how- 
ever, a solution of the equations 


fil bes tee, (4) 


Hence through every point of (3) there goes a curve of the 
family defined by (4). These curves are called characteristics, and 
we have shown that any solution of (1) is a locus of character- 
istics. Conversely, any surface which is a locus of characteristics 
will be a solution of (1), since its normal at each point is perpen- 
dicular to a curve of (4) and hence to P:Q: R. 

The problem of solution is then reduced to that of grouping 
the curves (4) into surfaces. This may be done as follows: 


Let U(L,Y,2)=c1, v(x, y, 2) = Ce (5) 
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be the solution of (4), where it is essential that the constants of 
integration should appear on the right of the equations. Then, if 
we form the equation b(u, v) = 0, (6) 
where ¢ is an arbitrary function, we have the desired surfaces. 
For if in (5) we give c; and cz such values that 
O(c, ¢z) = 0, (7) 

the corresponding values of u and »v satisfy (6) identically. That 
is, the curves (5) lie on (6). 

We have, accordingly, the following method of procedure: 

To solve equation (1), first solve equations (4) for the character- 
istics and place the solution in the form u= ci, v= C2. Then 

plu, v) = 90, 

where $ is an arbitrary function, is the solution of (1). 


For example, given 


We form ea tt yn Paki 


, (9) 


the solution of which is 


etyt2=a, le + my + nz = C2. (10) 
Hence the solution of (7) is 
p(a? + y? + 27, le + my + nz) = 0. (11) 


From the discussion it follows that a solution of (1) may be 
passed through any curve which is not a characteristic. For if C is 
such a curve, equations (4) determine the direction of a charac- 
teristic at each point of C and therefore determine the whole 
characteristic through that point. The locus of all characteristics 
through C is a solution of (1). 

The student will do well to notice the relation between the 


equations dz dz 
aes —=R, 
tea (12) 
AH Dp tik: 
EemOMmES (13) 
Pdx+Qdy+Rdz=0, (14) 


with P, Q, R the same in all the equations. Equations (13) rep- 
resent a family of curves, equation (12) represents surfaces made 
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up of these curves, and equation (14) represents surfaces orthog- 


onal to such curves provided the equation has a solution. Thus 
de _dy _ di 


x y z 


represents cones with vertex at the origin, and 
xdx+ydy+zdz=0 
represents spheres with center at the origin. 

When the family of curves (13) is given, the surfaces (12) al- 
ways exist, but the surfaces~(14) are not always possible. 

121. The Fourier series. Before proceeding to the study of the 
differential equations of the next sections it is necessary for the 
student to have a working knowledge of the Fourier series. This 
is a series of the form 


70 1 a, cos x + a2 cos 2% -+a3 cos 82+--- 
+b,sinex+bosin2x2+ b3sin38x+---. (1) 


We shall not concern ourselves with the theoretical questions 
involved in the careful study of this series, but shall give only a 
few practical rules for finding and using such series. It may be 
proved that it is possible to expand a function into such a series 
which will represent the function in an interval of length 2 7, pro- 
vided the function is single-valued, finite, and continuous except 
for finite discontinuities and has not an infinite number of maxima 
or minima. 

Let 

f(a) =F + a1 cos x + a cos 22 +--+ +a, c08 kx + - . 
+b, sinz+bosin2¢+---+06;,'sinkx+-:-. (2) 
Our problem is to determine the constants so that the series will 
represent the function in the interval (— 7, 7). 

To determine ap multiply (2) by dx and integrate from — 7 to 

a, term by term. The result is 


“fa)de 2107; 


whence Lite f(x)dax, (8) 


Cc 


296 PARTIAL DIFFERENTIAL EQUATIONS 


since all the terms on the right-hand side of the equation, except 
the one involving do, vanish. 

To obtain the other coefficients, we make use of the following | 
elementary integrals, which may be obtained by direct inte- 


gration : ihe 
sin mx cos nx dx = 0, 


us 


vw 
i cos mz cosnxdx=0O when m#n, 
ye =m when m=n, 
i sin mx sinnadx=0 when m#n, 


Tv 


(4) 


=m when m=n. 


Hence if we multiply (2) by cos kx dx and integrate between 
— 7 and 7, all terms on the right give 0 except the term involving 


a,. Therefore 1s 
i = if f(x) cos kx dx. (5) 


It is to be noted that (5) reduces to (8) when k= 0. Similarly, 
if we multiply (2) by sin kx dx and integrate between — 7 and 7, 


we have iy ps ' 
bp= =f f(x) sin kx dx. (6) 


For proof that the integration of the series is valid the student 
is referred to advanced treatises. 
For example, let us expand e” into a Fourier series in the interval 
(— 7, 7). We have 
ao = L € dt= ace 
Tien T 


ee a [ve scey eee t E sin kx + cos =" 
eRe, - a(k? + 1) i 
- e Aaah, Oa 
ex (kee at, 
parcel cad 
r(k? 1) 
LS kate e*(sin kx — k cos kx) |” 
by a = pe SIM kee | 
ee (Cn Cra) ; 
oo ae meaE when k is even, 
BN Cenere a) 


— ar(k? +1) 


when k is even, 


when k is odd, 


when k is odd. 
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= (5 rE eraices Mie 70) COS ote) 


é —€ lam 2 3 7 
7 — = _ 1 Ce 
aa (5 sin x BIN 2B Tp sins x ) ( ) 


2 5 


This series defines e” only in the interval (— a, 7). Out- 
side of this interval the values obtained from the series repeat 


themselves because of the peri- Y 
odic property of sin kx and 
cos kx. Hence (as shown in 
Fig. 96) the series represents 
a periodic function which coin- 
cides with e” only in the interval 
(— 1, 7). 

It is not necessary that f(x) 
should be defined by a single 
equation in the entire inter- 
val (— 7, 7). In case it is not 
so defined the integrals in (5) 
or (6) break up into two or 
more. 

For example, let Fic. 96 


| ee 


-37 


f(x)=a2+a7 when —7<2< 0, 
f(z~)=a7—x when 0<2< rT. 
Then 


yes 16 és 
t—-_ (x + m)dx +— (7 —x)dx = 7, 
T J—7 T 0 
i ie Lae 
a=-— |] (c+7)coskrdx+—] (1-2) coskx dx 
T — “as 0 


= = (1 — 0s ke) (k #0) 
= 0 when k is even, 


= 5 when k is odd, 


(8) 


0 1 1 , 
b= =f (e+ m) sin kde + = [ (4 —2) sin ke dx = 0. 
NTJ-—74r T J0 
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Hence the series for function (8) is 


w 4/eosx cos32 . cosdz 


1 


and the graph of the series 
is shown in Fig. 97. 

It is also possible that 
the given function may 
have discontinuities in the 


interval (— 7, 7). For Fic. 97 
example, let 
=—] hen —7 <2 <Q, 
Ce) Ww T (10) 
(2) see WHEN Once dt toes 
Then 
Lie ere 
aw == f (— cos kr)dir += f cos kx dx = 0, 
Mose T Jo 
0 il T : i. 
n= f (— sin kad += f inked ce ae 
qa) oe tT Jo wk 
= 0 when k is even, 
= bs when k is odd. 
7 
AS SiN Caen Sito eS Oe 
Hence {fa= <( i sash Tt + ); (11) 


and the graph of the series is shown in Fig. 98. 

In place of the interval (— 7, 7) we may take any other inter- 
val of length 2 7, namely (a,a+27), for formulas (4) remain 
valid if the limits of inte- 
gration are taken as a and 
a+27. In that case the 
limits of integration in (5) 
and (6) are to be corre- 
spondingly changed. 

Also, the interval in 
which the expansion takes place may be taken as (—c, c) when 
cis any number. To show this we take 


Fig. 98 


pos (12) 
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Then as y varies from — 7 to 7m, x varies from —c to c. We 
have cy 
fa) = 5() = rw 


a 
= 5 +a cosy + a2 cos2y+.-- 


+b; sny+bosin2y+.--- 
me rt (13) 


Qo x : 2 
=> + a1 Cos + a2 cos —— + 
c c 


+ b sin + dysin == 4.., 


1 . 1 c 
Where = ak = = {Fw cos ky dy = if F(x) cos ae 
ot 4 1 na ee Oe 
and b. = * ["rw sin ky dy = all f(x) sin ree dx. 


122. The Fourier series with sines or cosines only. If f(x) is an 
even function, namely, if f(— x) = f(x), then f(x) cos kx is also 
even and f(x) sin kx is odd. Hence 


Ney pe 7 
ar== { fe) cos kx def f(x) cos kx dx, (1) 


bp * (je) Sa Re" OS (2) 


Hence an even function will be expanded into a series of cosine 
terms in the interval — 7 < x < 7, and the coefficients may be 
computed by (1). An example occurs in series (9), § 121. 

Also, if f(x) is an odd function, namely if f(— x) = — f(x), then 
f(x) sin kx is an even function and f(x) cos kx is an odd function. 


Hence 1 
a; = =f f(x) cos kx dx = 0, (8) 


bp = [4 sin kx dz = = [t@ sin kx dx. (4) 


Hence an odd function will be expanded into a series of sines 
in the interval — 7 < x < 7, and the coefficients may be com- 
puted by (4). 

From this it follows that any function f(x) may be expanded in 
the interval from 0 to 7 into a series of cosines or a series of sines 
at pleasure. For we may, in the first place, define another function 
F(x) which agrees with f(x) for positive values of x and has for 
negative values of x the same values which f(x) has for positive 


300 PARTIAL DIFFERENTIAL EQUATIONS 


values of x. Then F(x) is an even function 
and may be expanded into a series of cosines. 
For example, consider f(z) =e” and let 
F(x) be the function represented between — 7 
and a by Fig. 99, where the right-hand por- 
tion is the curve y=e® and the left-hand 
portion is symmetric to the right-hand portion 
with respect to OY. We may expand F(x) 
into a series of cosines, using (1), by which 


Dy 7 
a= fe cos ke de 
T Jo 


Ze ad) 
ow(k? + 1) 
AOE) 
er (ied) 

Hence in the interval from 0 to 7 
Zier Let 1 : 
= HEAD (5 + peos2a treed t--) 


— FEED GE cose + 2 cos 82 + 5 

In the second place, having given f(x) be- 
tween 0 and z, we may define F(x) as equal 
to f(x) between 0 and 7 and equal for x = — a 
to the negative of the value of f(x) for x =a. 
Then F(x) is an odd function and may be ex- 
panded into a series of sines for which the 
coefficients are computed by (4). 

For example, let f(x) = e”, and let F(x) be 
the function represented by Fig. 100, where the 
right-hand portion is the curve y = e” and the 
left-hand portion is symmetric to the left-hand 
portion with respect to O. We may expand 
F(x) into a series of sines and, using (4), have 


by == [eo sin ke dr 
T Jo 


 2ke+) 
= SED: when k is odd, 


_ 2k(e"—1) 3 
“i Geta) when k is even. 


when k is odd, 


when kiseven. (5) 


e* 


Fic. 99 
cos52-+-- ), 
ve 


Fig. 100 


Sb-ne= ee SS 6 eS 


(6) 
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Hence in the interval (0, 7) we have 


« AGS Say ake oa ; 
@ = ED (Fain +S sin 324 sin 52+. --) 


2 si Ae Ome 
= 5 sin 22+75 sin dey sin 6x-+---). (7) 


The student should compare series (6) and (7) with (7), § 121. 
Each series represents e* in the interval (0, 7), but differs from 
each of the others in the function represented between — 7 
and 0. 

123. Laplace’s equation in two variables. An important equa- 
tion in two variables x and_-y is the Laplace equation 


OoVie 62 V; 
Ret a (1) 


It has already been shown (§ 119) that the general solution of 
this equation is of the form 


V = file + ty) + folx — ty), 


where f; and fe are arbitrary functions. But this is too general for 
practical use, as the difficulty of determining the functions to 
satisfy given conditions is too great. 

The following method, however, has been found useful. The 
student should notice that this method is not used to find a gen- 
eral solution, but simply to find a particular solution which may 
satisfy given conditions. We place 


V=XyY, (2) 


where X is a function of x only and Y is a function of y only, and 
inquire if it is possible so to determine X and Y that (1) shall be 
satisfied. 

By substitution (1) becomes, after a slight rearrangement, 


1d2x 1 od2y 
ee ae: (3) 


Now a change in zx will not change the right-hand member of 
(3) and therefore will not change the left-hand member. Similarly, 
a change in y will not change the right-hand member of (3) and 
therefore will not change the left-hand member. Hence each of 
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the two expressions in (3) is a constant which we shall denote by 
—k?. Then (8) breaks up into two equations, 


2 2 
ow, Loy, (4) 


edie et eee Yay, 
the solutions of which are, respectively, 
X =; eos kx + ce sin kz, 


\e—= ese c4e ky 
and hence a d 


V = (c1 cos ka + 2 sin kx) (c3e"¥ + cae") 
= e'(A4 coskx + Bsin kx) +e~"(M coskx+N sin kx), (5) 
where A, B, M, and WN are arbitrary constants. 
Now in (5) k may be given any value, fractional or integral. 
ee Vo = Ao + Mo 
be the solution (5) when k = 0, 
V; = e"(A; cos x + B, sin x) + e-”(M, cos x + Nj sin 2x) 
be the solution (5) when k = 1, 
Vo = e74(Az cos 22+ Bo sin 2x) + e~74(Mz cos 22+ Ne sin 2 z) 
be the solution (5) when k = 2, and so on. Then it is evident that 
Vi VG AV tet a V Seen Vg (6) 
also satisfies (1). This is certainly true when 7 is finite. We shall 
assume that it is true when we take the limit as n increases in- 
definitely and (6) becomes an infinite series. This assumption of 
course needs proof; but in a practical problem we should, as a 
matter of fact, need only a few terms of (6), so that the matter is 
not of great practical importance. We have, then, as a solution 
DIOR yas 
Wes >, [ek (A; cos kx + By sin ka) 
eg + e-*”(M;, cos kx + Nz sin kx)}. (7) 
It remains to determine the constants so as to satisfy given 
conditions. This will be illustrated in the next section. 
If the codrdinates x and y are replaced by polar codrdinates 
(r, 8), equation (1) becomes 
av lev av, ; 
Or ence00 = rece | (8) 
We may solve this by the method that we used in solving (1). 
Placing V= RO, 
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where R is a function of r only and 0 is a function of 0, and 
reasoning as before, we are led i the equations 


pe E 
—k’?R=0, 
ies 0 
and agen 
dé? Kes 
whence R= cr* + cor~4, 


08 =csz3 cos ké + cq sin kO, 


and, by a repetition of the former argument, we have a solution 
in the form 


k=0 
io » [r*(A, cos kO + B;, sin kO) + 77*(M;, cos kO + N;, sin k@)]. 
k=0 


124. Application to flow of heat. Consider heat flowing in a 
medium. Let T be any region of the medium, let S be the bound- 
ary surface of 7, where S is the geometric surface and not a physi- 
cal one, and let @ be the temperature at any point of the medium. 
Then by Newton’s law the amount of heat which flows in the time 
dt across an element dS is d6 

= Fr dS dt, (1) 


where is the rate of change of 6 along the outwardly drawn 
n 
normal to dS, and k is a constant, the conductivity of the medium. 


If ag is negative, the element (1) is positive and heat flows out ; 
n 


if - is positive, heat flows in. The total amount of heat flowing 
n 
across S is, then, the surface integral 


dé 
—katf Ino 


(S) 
which, by § 35, is the same as 


00 00 dy ) 
— hat { (Z cos a+F cos B+, eos ds, 
(S) 


which again, by § 79, is equal to the volume integral 


aby f if if (+e ae +e dy dz 2) 


taken over T. 
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Now consider an element dx dy dz of T. The amount of heat in 
this element at a given time ¢ is 


cp dx dy dz, 


where c is the specific heat and p is the density of the medium. 
After an interval dt the amount of heat in the element is 


cp (6 a e au) dy dz, 


and therefore the loss of heat in the element is 


—cp o dx dy dz, 


and the total loss of heat is 


—cp uf [fo — dx dy dz (3) 
taken over T. 


Assuming that no heat is generated or destroyed in 7, the 
expression (8) must equal (2), since the loss of heat inside is 
caused by the flow out across the surface. Hence, equating (2) 
and (3), canceling dt, and siesta we have 


076 2 
(TE anaes 


where, for convenience, ire is put for the constant °. 


Now equation (4) is true for any region 7 whatever. Hence 
the integrand must vanish at each point, for if it did not we could 
take a region T in which it would be always positive or always 
negative (assuming continuity of the functions involved), and 
then the integral could not be zero. 

Therefore we have as a fundamental equation for the flow of 
sae 0, 80 070 _ 4400. 5 
Ox? — Oy?  -02? ot 

If the flow is steady, that is, independent of the time, then 
00 
i 0, and we have the Laplace equation 

070 078 00 


Ox? oy? oF Oz? =0. (6) 
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If, in addition, the flow takes place in planes parallel to XOY, 

# is independent of z, a = 0, and we have 

0°60 076 

ae aE oye: (7) 
the equation of the last section. 

We shall solve this equation for the special problem in which 
heat flows in a rectangular plate of breadth 7 and of infinite 
length, the end being kept at the temperature unity and the long 
edges at the temperature zero. 


If we take the end of the plate as the axes of x and one of the 
long edges as the axis of y, we have to solve (7) subject to the 


conditions 6=0 when x=0, (8) 
G0 whens 2 — 1, (9) 
@6=1 when y=0, (10) 
d= Os when 7 — co; C1) 
the last condition (11) being introduced from the nature of the 
problem. 


We pick up the solution (7), §128, with V replaced by 0, and 
endeavor to determine the constants. Condition (11) shows at 
once that there can be no terms involving e*”. Hence A; = 0 and 
B,=0. Using condition (8), we have 


k=0 
ve >M ye 
k=0 
for all values of y. Hence M;, = 0 for all values of k. Our solution 
then reduces to ae 
6= > Nie~™ sin ke, (12) 
k=0 
which satisfies (8), (9), and (11). It remains to satisfy condition 
(10), which gives Ree 
1= >)Ni sin ke (13) 
=O 


to be valid for0 <x <7. 

But this is a Fourier series for the expansion of 1, so that to 
obtain the coefficient we need to expand 1 in a sine series valid 
between 0 and z by the method of §122. This gives 


Aah. ike ibs, : 
=" (sina + 5sin82+5sin52+---)) (14) 
7 3 5 
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By comparison of (18) and (14) it appears that 
Nes a when k is odd, N;=0 when k is even, 
and hence the solution is shown to be 


ere 
= S (e series sn38z+ se °"snb527+-- ?} (15) 
7 3 5 


We have shown that (15) is a solution of the differential equa- 
tion (7) which satisfies conditions (8) to (11). We have not shown 
that it is the only solution. That question must be postponed. 

125. The Laplace equation in three variables. The Laplace equa- 
tion in (x, y, 2) codrdinates is 

ey ks O Vaso V. 
45 
Oy 02” 

We have already seen that this equation occurs in the flow of 
heat, and it occurs also in many other physical problems. 

If (x, y, 2) are replaced by cylindrical codrdinates, (1) becomes 

C.Vewm lie Vara le oo VammcnV. 
te te oe oe @) 
Wee, We a are replaced by polar sede (1) becomes 


(1) 


Ve nor e?V 
+224 agit cot d or tse! 962 = 9: (3) 
We shall first consider equation (2) and attempt to solve it by 
placing V= ROZ, (4) 


where F is a function of r only, 9 is a function of @ only, and Z is 


a function of z only. By substitution and elementary reductions 
TAO Gites 2 aki 9 ak gn ak ee 
Zi" Rd rRar Pode” ©) 


By hypothesis Z is a function of z only, and by (5) a change in 


z does not change — —;> since it does not change the right-hand 


aZ 

Zaz 
1d’Z : 

member of (5). Hence mae reduces to a constant, and we write 

whence Z= Cie tse (7) 
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Now from (5) and (6) we have 
make yar rie me) 
RodfeR dr © dé?’ a 


from which it follows that each member of (8) is a constant, which 
we take as m?. We have, accordingly, 


20 _ | 
pee As) (9) 
whence 0 = cs cos mb + cq sin mé, (10) 
HEN e Nee 
» Set wh Bed ay 2) 2 ae 
and r 7 +r i + (k*r- — m?7)R= 0. (11) 


In (11) we place kr = z, and (11) becomes 


OR EB —m’)R=0, (12) 


which is a Bessel equation, so that 
R= C5) m(X) + CoJ—m(L) = CsI m(kr) + CoJ_m(kr) (18) 


if m is fractional, or 
R= C5J m(kr) + ceK (kr) (14) 
if m is integral. 

Any of these values of R, 90, and Z substituted in (4) gives a 
solution V, and the sum of any number of such solutions is also 
a solution. In particular, let us assume k as a fixed constant and, 
letting m assume positive values, write the series 


eS S [e**(A» cos m6 + B» sin mé) 
m=0 
+ e~"*(C, cos MO + Dm Sin MO) ]Jm(Kkr). (15) 


The sum of a finite number of terms of this series is a solution 
of (1), and we shall assume without proof that the limit of this 
sum as ™ increases is also a solution. 

Consider next equation (8) under the assumption that the 
solution V is known to be symmetric about OZ. Then V is inde- 


pendent of 6, and hence as ron 0. We have the equation 


OV eV 1 07V cot $ OV _ 
Fie ange O23 


(16) 
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Place V=R®, (17) 
where R is a function of r only and © a function of ¢ only. Pro- 
ceeding as in the other case, we have eventually the two equations 


pho GE pp 0, (18) 

d 

d 

where k is any constant. 


Equation (18) may be solved by the method of §107, with the 
result 


2, 
a + cot d ia + k?b = 0, (19) 


Ror ee ee (20) 
It will then be convenient to replace k by m, where 
rs 
Then (20) becomes R= cre ae (21) 
and (19) Cee 
Fat cot 6 + mm + 1) = 0. (22) 
In this equation Bae t= cos ¢, and it becomes 
d®& 
a 2 — = 
(1 py? “¢ —2t 7 +m(m+1)6 = 0, (23) 


a Legendre equation. If m is taken as a positive integer, (28) is 
solved by the Legendre polynomial 


P= Pt) = Py (Cosipye (24) 

By combining the solutions thus obtained we have for (16) a 
solution m= B 

y= >» (4,7 a =) P,,(cos @). (25) 


m=0 


An application of this result will be shown in the next section. 

126. Application to potential. Let a particle of matter of mass m 
be at the point (a, b, c). Then the gravitational potential at 
(x, y, 2) due to the mass m is 


m 


Ve —a)?+ (y—b)?+ @—0)? 
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Consider now any solid T of density p. Then p da db de = dm, 
the mass of an element of volume da db de. The potential V due 
to the mass is the sum of the potentials of the individual particles 
and is the volume integral 


pa if emt OO a thes 
I (fa) y=)? Gc)? (1) 


taken throughout T. If (2, y, z) is not inside T, the integral is 
continuous in T and may be differentiated under the integral 
sign. 
It is not difficult in this way to show that 
CV z0°V_ av 
ONE iA ae ae) TS 
Ox =. oy? =f 022 ’ (2) 


so that the potential function satisfies Laplace’s equation. 

Let us apply this to the problem of finding the potential at any 
point due to a circular ring of small cross section and of radius a, 
lying in the plane XOY with center at O. Since the solution is 
obviously symmetric about OZ, we will replace (x, y, z) by polar 
coordinates and use the solution 


V => (4nr” + - a) Pn (cos $), (3) 


found in the previous section. The problem is to determine the 
coefficients. This may be done by noticing that any point Q on 
OZ is at the same distance Va2+ r? from all points of the ring 
where OQ =1, the dimensions of the ring being negligible. Hence 
the potential at Q is ar 
where M is the total mass of the ring. 
Now (4) may be expanded by the binomial theorem into the 
convergent series 
M ( ieiceee lS 7 


—(1— ————+— +" h <a, 5 
a Pye ond at ) Mean a ) 


and into the convergent series 


3 : 5 
M(t tae) when r>a. (6) 
if 


(4) 
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The general solution (3) must reduce to (5) or (6) for a point 
on OZ. For such a point Q, we have ¢ = 0, P,,(cos ¢) = P,(1) = 1, 
and (8) becomes m= o 


Bm 
V= » (Ani “fe =); 


m=0 


which must be either (5) or (6). Henceif r < a, B, =0, and Ay», 
are the coefficients in (5); if r > a, Am =0, and B,, are the co- 
efficients of (6). Hence we have the solution 


M 17? 135° 
Va 2 Po(eos ~) _ 9 a2 P2(cos op) Seah ae P4(cos ) eis | 


when 7 < a, and the solution 
Mla Toe 1-3 a? 

v= es E Po(eos d) — 6) P2(eos d) + Dona ye P4(cos d) —:- | 

when r > a. 

127. Harmonic functions. A function V(x, y) which, together 
with its derivatives of the first and second order, is continuous, 
except for definite points called singularities, and which satisfies 
the Laplace equation ey ev 


Ox? a8 oy? =0 (1) 


is a harmonic function in the plane. We have shown in § 73 that 
if C is the boundary of a region in which V has no singularities, 


dV 
mn’ eat): (2) 


(C) 
Similarly, a function V(x, y, z) which satisfies the Laplace 
equation ey ev Vv 
yo) et (3) 
ox oy Oz" 
together with the same conditions as to continuity, is a harmonic 


function in space. We have shown in § 79 that if S is the boundary 
of a region in which V has no singularities, then 


dV 
i aan Gs = 0); (4) 


' From equations (2) and (4) certain important properties of 
harmonic functions may be deduced which are similar in the plane 
and in space. We shall consider the case for the plane, leaving for 
the student the similar case in space. 
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We shall apply (2) to a circle of radius r and center A. Here 


aV ov 
= — ds=rdé, and (2) becomes 


dn or 
ei 
ff Pye (5) 


since r, being constant in the integration, may be divided out. 
Let (5) be multiplied by dr and the result’ be integrated between 
r=QOandr=a. Then we have 


27 27 a 
[af eels ao [ AL 6) 
0 0 or 


which gives "(Va — Vo)d6 = 0, (7) 
; : 

where V, is the value of V when r = a and in general depends upon 

6, and Vo is the value of Vo at the point A and is independent of V. 

Hence (7) may be written 


2a 
27V =f V, dé, 
0 


or Vo — its (8) 
e 1 29 
where V.=—— i V. dé 
27 Jo 


and is the average value of V on the circumference of radius a. 
Hence we have our first theorem : 


I. The average value of a harmonic function on the circumference 
of a circle in which it has no singularities is equal to its value at the 
center of the circle. 


This theorem is made valid in space by replacing the circle by 
a sphere. The proof is left to the student. 

From this we may deduce the following theorems, which are 
so stated as to be valid in either two or three dimensions : 


II. A harmonic function without singularities in a given region 
cannot have a maximum value or a minimum value in the region. 


To prove this let us suppose for a moment that V has a maxi- 
mum value Vo at a point A. Then we may draw a small circle 
around A such that Vo > Vz for all points on this circle. Then 


it nspiel ek 2s LO 5, 
eash fra <h [Ved or Ta< Vo 
27 Jo 2 7 Jo 
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which contradicts theorem I. Hence V cannot have a maximum 
value in the region, and in a similar manner it cannot have a 
minimum value there. 

It follows that the maximum and minimum values of V must 
oceur on the boundary of the region. Hence if the value of V is 
constant on the boundary, its maximum and minimum values 
coincide, and the function is constant. This gives us the following 
theorem : 


II. A harmonic function with no singularities within a region 
and with constant values on the boundary of the region 1s constant 
throughout. 


Suppose now we have two harmonic functions V; and V2 which 
have the same values on the boundary of a closed region. Then 
Vi — V2 is a harmonic function which is zero on the boundary 
and hence, by theorem III, is zero throughout. Hence we have 
the following theorem : 


IV. Two harmonic functions which have identical values upon a 
closed contour and have no singularities within the contour are identi- 
cal throughout the region bounded by the contour. 


One practical result of this theorem is that if a solution of 
Laplace’s equation has been found by the empirical methods of 
the previous sections so as to take assigned values on a closed 
boundary, no other solution is possible. 

Let us now in (2), § 79 (written for two dimensions), place 
G = F=V, where V isa harmonic function. We get 


Save ff[) (Eyam 


If ita 0 along a contour C, and V isa real function of x and y, 
OV , : 
we must have — aie = 0, — EPA = (0; that is, V is a constant. Hence 


we have the theorem: 


V. If the normal derivative of a harmonic function is zero along a 
closed contour within which the function has no singularities, the 
function is constant. 


From this follows the theorem : 


VI. If two harmonic functions have the same normal derivative 
along a closed contour within which they have no singularities, they 
differ at most by an additive constant. 
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Applied to the flow of heat, theorems IV and VI are almost 
immediately evident. One says that the temperature within a 
closed region is fully determined by the temperature on the 
boundary, and the other says that except for an additive con- 


stant the temperature inside a region is determined by the rate 
of flow across the boundary. 


EXERCISES 


Solve the following equations: 


1. 22 = aXe, 4 a1. 

2 = =. 9. a 9e= 

3. <= - Zao 10 2a toys me 

4 e+ 3242250 HM. @+2)—@+y) ay 
5 Bip Gs 2 12 ety sae 

6 Santy. 13 ye Sal 

155 = oy? 14. x. oS + eS =a 


15. Show that a & +6 as = 1 is an equation satisfied by all cylinders 


the elements of which are icing to a fixed direction. 


16. Show that (x — a) 4 — ans Yy— »< —=z-—c is the differential equa- 


tion of all cones the ane of sete are at a fixed point. 


17. Show that mee oe yo = 0 is the differential equation of sur- 
y 


Ox 
faces generated by lines parallel to a fixed plane and intersecting a 
fixed normal to that plane. 


18. Show that x a —-y ce = 0 is the differential equation of surfaces 


f oy Ox 
of revolution with OZ as axis. 
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A 


Oz 
19. Show that in cylindrical codrdinates @ 76 = 2 is a differential 
equation of surfaces the characteristics of which are helices. 
20. Show that 2 xy = + (y? — x?) = = 0 is the differential equation 
oe y 


of certain surfaces the characteristics of which are circles in parallel 
planes. 


Expand the following functions into Fourier series in the interval 
(— 1, 7): 


Ol. Ge) = a, PA aay ted) a Ps 28.5) =x, 
24. f(x) =0 when —7 <% <0, f(x) =a when 0 <% <7. 

25. f(x) =—x when —7 <a <0, f(x) =0 when 0 <2 <r. 
26. f(x) =— ma when —a7 <x <0, f(x) =x when 0 < n< 


oy f(a) 0 when —27 <2 <0,. fa) =a when 0 2-29. 


Expand the following functions into Fourier series in the interval 
(OQ; 2 am) s 

28) f(a) = 2. ON a eed mo 30. (n= 2. 

ple, Ga) ah Water ae <K my IRE) SD) ane ap Ke KB ee 

82° {@) =a when 0 <2.<%, fa) =297— 2 when 7 < 2 <2 a 

83. Expand f(x) = 1 into a sine series in the interval (0, 7). 

34. Expand f(x) = x into a cosine series in the interval (0, 7). 

35. Expand f(x) = x? into a sine series in the interval (0, 7). 

36. Expand f(x) = sin x into a cosine series in the interval (0, 7). 

87. Expand f(x) = cos x into a sine series in the interval (0, 7). 


38. Solve equation (5), §124, under the assumption that the flow is 
steady and takes place radially outward from the center of a sphere. 


39. Solve equation (5), §124, under the assumption that the flow of 
heat is steady and takes place radially outward from the axis of a 
cylinder. ‘ 


40. Find a particular solution of the equation oy =a? ery 
41. Find a particular solution of the equation 
0; Vane 
— + Uae = h? ay, 
ox 9 Oy? ot 
_,42. Find the temperature for a steady flow of heat in a semicircular 


plate, the circumference being kept at a temperature 1 and the diameter 
at a temperature 0. 
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43. If a slab of thickness ¢ is originally at a temperature unity 
throughout and both sides are then kept at a temperature zero, find 
the temperature at any point of the slab, the slab being so large that 
only the flow normal to its faces need be considered. 


44. Find the temperature for a steady flow of heat in a circular plate 
if half the circumference is kept at a temperature 0 and the other half 
at a temperature 1. 

45. Solve the equation 

oe h? as 

ot Ox? 
which is that for the flow of heat in a long rod with radiating surfaces, 
assuming that when t= 0, 6 = f(z). 


— 79, 


46. A vibrating string may be shown to satisfy the equation 
: e2y = ey 
Cn eos 
where x and y are the codrdinates of a point on the string and t is time. 
Solve the equation if at a time t = 0 the string has a position y = f(z). 
Take the length of the string as / and assume that the ends are fixed. 
47. An oscillating chain hanging vertically may be shown to satisfy 
the equation anes is @2y % 72, 
ot? Ox? Ox 
where (x, y) are the codrdinates of a point on the chain, 1 is its length, 
and ¢ is time. Find a possible solution. 


Oye 


48. A cross section of the surface of a wave in a bay satisfies the 
equation 2 
Co Til ( hb “), 
Gi lO NG 
where b is the breadth of the bay, h is its depth, x is a horizontal axis 


running out to sea, and y is a vertical axis. Find a solution, assuming 
h = constant and 6 = kz. 


49. Solve Ex. 48, assuming 6 = constant and h = kz. 


50. Find the potential due to a homogeneous circular disk of radius 
a and mass M, first finding by ordinary integration the potential due 
to the ring at any point of a line perpendicular to the disk at its center. 


51. Show that equation (3), §125, has a solution of the form 


V= > 3 (Aa + a) (en cos m0 rf bm Sin m0) P,,"(cos >), 


n=0 m=0 


where P,,” is an associated Legendre function. 
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52. Show that the equation 


has a solution in polar codrdinates of the form 


v= > (a, cos nO + b, sin nO) Jn(r). 


n=0 
58. Show that the equation 
Of Vibe. Varo. 
on? = oy? 02? 


has a solution in polar coérdinates of the form 


+V=0 


m=ono n= 
v= » > fetJuqit) (An cos m@ + Bm sin mé@) P,,"(cos ¢). 


m=0 n=0 


54. State and prove for space the theorems of § 127. 


CHAPTER XIV 


CALCULUS OF VARIATIONS 


128. The simplest case. Consider the integral 


faz Y, Tae (1) 


taken along a curve y= (x) (2) 


connecting two points A and’B in the plane (Fig. 101). The value 
of the integral depends in general upon the curve, and we wish 
to determine the effect of varying the curve and, in particular, 
to find the curve which makes the Y B 
value of the integral a maximum or a 
minimum. For that purpose we will 
call the curve (2) the original curve 
C, and the curve 


Y = $(x) + (2) (3) 
the varied curve C’. Then 
Y—y=n(2), Fig. 101 
represented by QP, is the variation of y and will be denoted by dy, 
so that (3) becomes ¥ = by. (4) 
dy dY 
= : — by Y’. Then, b : 
Denote 7 by y’ and cf by en : y (3) 
Vacate <1. :{0Y). (5) 


We shall call 7’(x) the variation of y’ and denote it by dy’. It 
follows from (5) that 


d 

/ ——— 6 

by’ = 7 (Oy), (6) 
d d 

or, otherwise written, (#)= — (dy), On 
dx/ dx 


a formula which shows the allowable interchange of d and 6. 

We shall assume that the quantities dy and éy’ are both small ; 

that is, that the height and the slope of the curve C’ at any point 
317 
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differ very little from the height and the slope of the curve C at 
the corresponding point. 
Consider now the function f(z, y, y’) for any point of the curve 
C. For the corresponding point of C’ the function becomes 
pele Ce Care, 

f(x, y + by, y’ + by’) =f x, y, O) a OY Se ape rh tomasy 
the expansion being made by Taylor’s series. We shall call the 
sum of the terms of first order in 6y and éy’ the first variation of f 
and denote it by 6f, so that we have 


if = Foy + oy’ (8) 


Let I be the value of the eet (1) along the curve C. Its 
value along the varied curve C’ is found by replacing f(z, y, y’) by 
f(x, y+ dy, y’ + dy’). We shall call that part of the change in the 
integral which contains only terms of the first order in édy and éy’ 
the first variation of the integral and denote it by 6/. 


Then, by (8), 67 ={ (= oy +3 ia - Oy’ Jat (9) 


Consider the ae part of the ea in (9). By (6) we have 


by dit = -{2 By’ = (éu)de, 
and by eee a parts 


OF of | Pe of 
a Oy =|5 net |S dx (=) bu ae. 
But since the points A and B are not changed, dy = 0 when 
f= and © =), so that 


{3 by’de = — fi 4 (2 )iu a. (10) 


Substituting this value in (9), we have 


sr= fo [2-2 (4) Jou de. (11) 


This, then, is the change in J as far as the first order of infini- 
tesimals éy and dy’ is concerned. 

Now if dy and dy’ are sufficiently small, it is obvious that the 
sign of the exact change in J will be determined by the sign of 
oI, since the terms 6y’, dy’”, dy dy’, etc. are of higher order than 


THE SIMPLEST CASE 319 


dy (there is no difficulty in making such variations that dy’ is of 
the same order as dy). 

Hence if 6/ is positive or negative for a certain variation dy, 
its sign would be reversed for a variation —dy. In that ease I 
would be increased by one variation and decreased by another. 
From this it follows that if J is to have a maximum or a mini- 
mum value along the curve C, it is necessary that 

Ole 0 (12) 
for all possible small variations dy. 

From this it follows that the coefficient of dy in (11) should 
be zero at all points of the curve. For if this expression were not 
zero we might so vary the curve C that dy should have the same 
sign as its coefficient, and then 6I would be positive, in contra- 
diction to (12). Hence we have established the theorem: 


If I has a maximum or a minimum value along a curve C, that 
curve must be a solution of the differential equation 


In formula (18) the partial derivatives indicate merely formal 
operations under the assumption that z, y, and y’ are independent 
d | 
a however, takes into account that 
y and y’ are functions of x. Hence (18) may be transformed into 


ie a 


dy ox by’ dy oy” dy” 


This is an equation of the second order to determine y. The 
solution contains two arbitrary constants, and it is necessary, if 
possible, so to determine these that the curve shall pass through 
the given points A and B. 

When this has been done we can assert that if the integral has 
a maximum or a minimum value, it must be obtained along this 
curve. The question as to whether the maximum or the minimum 
value actually exists, and if so which one it is, is still unanswered. 
In mathematical language, we have determined a necessary but 
not a sufficient condition. The determination of the sufficiency of 
the condition is a matter of too great complexity for this text. 
In practical problems the question can often be decided from the 
nature of the problem. 


variables. The operation 


y’ = 0. (14) 
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As an example of the method, consider the problem of finding the 
curve between given points A and B which, by revolution about 
OX, generates the surface of least area. By elementary calculus 
the area in question is given by 


b b 
sa2nf yds=20 f yVI fy? de. 


nC), — of yy 
= "2 —_ => 12 —_ = . 
Here if Y 1 + Yy , oy 1 ap y ? oy’ 1 + y’ 


/ 


Therefore equation (13) is 


Pie peed Cea 
Vin? a peal => 


which reduces to 1+y’ —yy'y" =0 (15) 
as the form which (14) takes. 


d ane 
To integrate (15), place y’ = p and y’”’ = a The equation is 
a pdp _ dy. 
We ie OU 
bys (eee 
whence, finally, y = c, cosh ess (16) 
1 


the equation of the catenary. The constants c; and c2 must now 
be determined so that the curve (16) passes through A and B. 
The question as to whether this is possible and whether, if so, 
there is a maximum or a minimum will not be considered here. 
It is physically evident that in many cases the solution exists. 
129. Solution by differentials. We y 
may write 
f(x,y, y')dx = (x, y, dx, dy) (1) 


and consider the integral 


(B) | 
[eu de, dy) 
(A) 


O 
along a curve between fixed points Fic. 102 
A and B. 


In the varied curve the point P may be considered displaced 
to Q@ so that x and y take each a variation (Fig. 102). Hence if 
(x, y) are the codrdinates of P, and (X, Y) those of Q, 

X=x-+ dz, Y=y+ dy; (3) 
whence dX =dx+d(6z), dY = dy + d(éy), 
and therefore 6(dx) = d(6éz), 6(dy) = d(éy). (4) 
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Then, as in § 128, 


= “e og ed 
6g = 6a + — By dy + D(dx) 6(dx) + —— a 6(dy), (5) 
d = 
an 61 ee dd, (6) 


where in (5) the partial derivatives are to be taken on the hypothe- 
sis that x, y, dx, dy are independent variables. 

In (5) replace é(dx) and 6(dy) by their values as given by 
(4), and integrate by parts the corresponding terms of (6). 
There results 


0g 0d Is 
6l= 6x + —— 6 
ie * aida) leas 


+f ze 8 Gea) +L CG) 


Since by hypothesis 6x and 6y are zero at A and B the quantity 
in the first pair of brackets vanishes. Arguing then as in §128, 
we can easily see that for maximum or minimum values of IJ we 
must have each of the following relations satisfied : 


<e d ( a5) 5, (8) 
a d (= ay) 0. (9) 


As a matter of fact, we have here one relation and not two, 
for it is possible to show that each of the equations (8) and (9) is 
equivalent to (18) of §128. This may be done as follows: From (1) 


Op _ of 

Ox Ox” 

26 _ af 

dy oy ’ 

0 of oy’ of dy 
Bate a(da) I~ dy! a" 
a Gh OE aa 


Ody) by! Ody) by’ 
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Substituting these values in (8), we have 


0 0 0 
Lee cawe io Le idler fy a w]=o 
ohie. a ( a 
which is dy —d By’ ze {), 
Dividing by dy, we have (13) of §128. 
Again, substituting in (9), we have 


a —a(Z) mo 


and dividing by dz, we have again (13), $128. 

The two equations (8) and (9), while not giving a new condition, 
give us two new forms, one of which may be more convenient than 
the other or than (18), §128. 

For example, consider again the integral used in §128 written 


in the form 
ff y NV dx? + dy?. 


Equation (8) is now 
y dx 
ae eee 
dx? + dy? 


; d 
and (9) is Vdx? + dy? — eat ip 
y? 


The first of these is the simpler and gives at once 


a Oe See 
V dx? + dy? a 
Cj dy 
whence ——— = dr, 
and y = ¢, cosh eat ae 


Cy 
as before. 
An application to the determination of geodesics on a surface is 
of interest. Let the equation of a surface be 


t=flu,r), y=fu,), 2=f(u,9), (10) 
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where (wu, v) are curvilinear codrdinates on the surface. The length 
of any space curve is 


=if dx? + dy? + dz?; 


and if the curve lies on the surface (10), dx, dy, dz may be replaced 
by their values obtained from (10), so that 


s= | VEGE+ LF dude +6 ae, eel 


where £, F, G are as in $53. 
The lines which make the first variation of this integral vanish 
are by definition the geodesics on the surface. They will be the lines 
of shortest length between two points not too far remote. 
130. Variable limits. We will now suppose that the points 
A and B, which were held fixed in §§128 and 129, are allowed to 
vary along two fixed curves L; and Lz =y 
(Fig. 103). That is, we ask what curve 
C, the extremities of which lie anywhere 
on L; and Ls, will make the integral 


ik (x, y, dx, dy) 


a maximum or a minimum. 

In the first place, it is evident that 
that curve must satisfy equations (8) 
and (9) of §129, for among all the curves which may be drawn 
between L; and Le are the curves which leave A and B fixed. 

The variation (7) of §129 therefore becomes 


“es Se i” 
ales “s ie! ca EN o(dy) x (A) 


and since this must vanish we have the condition 


Op Op 
FICE Bec a @) 
to be satisfied at each end of the curve C. 

In (1) dz and dy are determined by the direction of C, and 6x 
and dy are determined by the direction of L; or Lz, as the case 
may be. Hence (1) gives a relation between the direction of C 
and that of L; and L2 at the points where C intersects L; and Lz. 


Fic. 103 
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As an example, consider the problem of finding the shortest dis- 
tance between any two curves L; and Lz. We are to minimize the 


integral 
fv dx? + dy?. (2) 
Equation (8) of §129 becomes 
Brg coeds ete rag 
V dx? + dy? 
the solution of whichis y=cx-+ co. (3) 


Equation (1) reduces to 
dx 6x + dy dy = 0, 


which says that the straight line (3) must cut the curves L; and L2 

at right angles. 
Hence if the shortest distance exists, that distance will be the 

length of the straight line cutting both curves at right angles. 

Nothing in our work, however, proves that any straight line 

which satisfies these conditions is a 

solution of the problem. A simple ex- 

ample will show this. Consider two 

circles tangent internally (Fig. 104). 

The line ABC is the only line perpen- 4 


dicular to both circles, but neither the | 
segment AB nor the segment BC is 
the shortest distance between the two 


circles. We may, of course, consider 
the zero segment CC as a piece of the 
straight line ABC. 

131. Constrained variation. Let it be required to make the 


Fic. 104 


integral 

r= [ 62, u, dx, dy) (1) 
a maximum or a minimum while keeping the integral 

r= {Ve, u, de, dy) (2) 
equal to a constant a. According to our previous discussion we 
must have sr=0 (3) 


but are now to admit only variations 62, dy, 6(dx), and 6(dy) for 
which Su. (4) 
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since J is not to change its value. But if (3) and (4) are satisfied, 
it is necessary (though not sufficient) that 


ol +- AdJ = 0, (5) 


where \ is any constant multiplier; that is, the integral 


T+>I= [ [40 y, de, dy) + WH, wd, dy] 


must have its first variation equal to zero. 
Let us suppose curves 


f(a, Y; Ci, C2, d) =0 (6) 


found which satisfy condition (5). The equation contains three 
arbitrary constants, two of which may in general be used to pass 
the curve through the two fixed points A and B, and the third may 
be so determined that the integral J takes the prescribed value a. 

We then have a curve which satisfies equation (5) and gives J 
the required value. If the curve is then so varied that J does not 
change, condition (4) is satisfied and hence, by virtue of (5), 
condition (38) is fulfilled. The problem is therefore solved. 

As an example, let us find the curve of given length which will 
inclose the maximum area. 


We have to make A=3 f (x dy — y dx) 
a maximum while keeping | 


s= | Vie? + dp =a, 


where a is a given constant. Without loss of generality we assume 
that the curve starts and returns to O and is tangent to OX at 
that point. We consider the integral 


fue dy — y dx) + \Vdx? + dy? | 
and, applying to it equation (8), §129, have 
1 y d dz ) 
= dy — a| — -+- —————. ) = 0; 
Gta ot aera 
dy _ VO — 1)" 


dx y¥— C1 


the solution of which is (4 — c1)? + (y — cz)? = d?. 


whence 
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By the conditions imposed upon the curve, c; = 0 and A=+ C2. 
The solution is the circle 
x? + (y — C2)? = C2”, 
and cz ean obviously be so determined that the circle has the 
required length. 
132. Any number of variables. The discussion and results of 


§§ 128 to 131 are easily extended to any number of variables. If 
we have the integral 


tf = | fle H2,°* *y Lny xt’, x2", Maa PTS (1) 
,_ Poe dit json din 
where 2x;/ = A Wp a aauie eT ie we have, by he meth- 
ods of §128, as the differential equations of the curves for which 
Ox dt Oxy’ vane 
tid) 
0x2 at eV ie (2) 


OX! 


af are 
GL di dx) = ¢ 


If the integral is written as 


I = [ $a, 2,°°', Ln, dxy, dxe, ih GLa); (3) 
: 0g ( 0g ) 
th t eee 24 
e€ equations are an d D (dat) 0, 
bee ( 0g )= 
a2 “\B(dra)) ~ (4) 
0d ( 0g = 
OLn d O(dtn)) 0, 


of which one is in general superfluous. The conditions for vari- 
able limits and constrained maxima and minima are sufficiently 
obvious from §§130 and 131. 

In addition to the problem of constrained maxima and minima, 
as discussed in §131, we may have the problem of rendering the 
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integral (3) a maximum or a minimum under the condition that 
the variables are connected by the condition 


F(x, L2,°* *y Xn) = 0. (5) 
The variations 6x; are then bound by the condition obtained 
from (5) 
: OF OF OF 
O21 ea 6xe+- ieee): (6) 


and, in addition, we have, as in $129, 


eof a oo od re 
me coy] ae + [Fe — age) |omn=0 7) 


for all variations consistent with (6). From (6) and (7), using \ 
as an undetermined multiplier, we have 


t=n 0d 0d 
> Ee a(saen)t 3 OE. a au ®) 


i=0 


Hence if \ is so determined that the coefficient of one of the 
variations 6x; in (8) vanishes, the other coefficients must also 
vanish, since in (6) all but one of the variations are arbitrary. 
Therefore the equations to determine ) and the required curve are 


ao a/ od J+ =o. (¢=1, 2,---,n) (9) 


Ox; 0(dx;) 
For example, let it be required to find the shortest lines (geo- 
desics) on any surface ee a0! (10) 
This is to minimize the integral 
s = [ Vir + dy? + dz? (11) 
subject to the condition (10). Using formulas (9), we have 
dx OF 


— d ————— _ + } — = 0, 
1 Vie dye + de Oe 


dy OF 
= ¢ SS + 0 — = 0,7 12 
: " Vaatt det de” by i 
dz dF 
— ¢d ———————. + h— = 0. 
and d dx? + dy? + dz + Oz 
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We may draw from equations (12) the result 


a(S 7; dy a(2)= OF OF | OF 
z) i (4) ““\ds) ox Oy’ Oz 
d’x d°y d’z_ OF OF OF | 
oe G87 ass dae mor, oy” 02’ 
whence we infer the important theorem that the principal normal 
of a geodesic coincides with the normal to the surface. 

133. Hamilton’s principle ; Lagrange’s equations. Consider a par- 
ticle of mass m; moving along a curve under the influence of a 
force whose components are X;, Y;, Z;. Then the path is deter- 
mined by the equations 


= Yew aes 


Let the curve be varied without changing its extremities and 
let 6x;, dy;, 6z; be the variations of x;, y:, 2; respectively. By virtue 
Ofe( Lh) 


Pay d?y; dz, 
(m3 dt x) 821+ (mG Ys )by+(m: dt? ~2;)éz=0. (2) 


This is true for each of the particles of a system, and, summing 
over the whole number of Siar we have 


d Xi d? ayi iz:)= 
Ymi( SE 6x;+ die ee = SNe 6a; +Y,;by;+ Z;62;). (8) 


The work done by this displacement is 
dW = > (X, dx; + Y;6y; + 2; 62,). (4) 
The kinetic energy of the system is 
al (=) | 
r= 53m (G Aye ee TA Ge 
and the variation of T is 
dx; ./dx:\ , dy: (“) dz; (=)| 
ons S| F (GE )+ Ae AWTS eT er? 


v alt t t 
=m |S Fo :) ms UH yp prec 50) | (5) 


dt ai’ ts) EE dt dt dt 
the last change being made by (7), §128. 
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Now we have 


d dx; te d*x; d? ay: dz; 
a Orta, (ua hag Of |= EE erate a7 dt i, 
ae dy; d dz; d 
“ie ai di (02;) -->—— di. di (dyi) + dt di (62;), (6) 
so that, by virtue of (4), (5), and (6), equation (3) may be written 
dit; dy; dz; 
Sms FG det Hous + SH oe]= ort ew. 


By multiplying (7) by dt and integrating between the times 
t= t and t = t;, at which the body is at the beginning and end of 
its path, we have e 


; ; ty 
16 (6T + 6W)dt = Ym | 6x; + dy; dy;+ da | =, 
dt dt Jt 
where the right-hand member is zero, since by hypothesis 6z,, 5y;, 
6z; are zero at the beginning and end of the path. 
We shall now assume that there exists a potential energy V 
such that ie: 


Then equation (8) may be written 
ty 
6 [ (7 —v)dt= 0; (9) 
ty 


that is, the body so moves that the time integral of the difference 
between its kinetic and potential energies has a first variation zero. 
This is Hamilton’s principle. 

The position of the body may be determined by n parameters 


1, 92)***, Yn,» Sometimes called generalized codrdinates. Then 
dx; dy; dz; 
Li, Yi, 2; depend only on q;, and fark re hire depend on q; and q;, 
. dQ; : 
where q; = Ovi so that T in (9) is a function of q; and q:, and V 


dt 
is a function of q;. 
We can now apply formulas (2), §132, to (9). We have the 
nm equations 


o(rT—VvV) d Ee - a] ; 
ee eee Se) =1,2,--., 10 
oF Fy aa (a nm) (10) 
These are Lagrange’s equations for the motion of the system. 
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For example, consider the motion of a pendulum of any form 
swinging in a plane about a point of suspension O. The position 
of the pendulum is fully determined by the angle 6 which the line 
from O to the center of gravity of the pendulum makes with the 
vertical. We have then only one parameter q;, namely 6. 

We have, by mechanics, 

=i 16?, 
V = Mgh(1 — cos 8), 


where J is the moment of inertia of the pendulum about O, h the 
distance from O to the center of gravity of the pendulum, and M 
the mass of the pendulum. Then (10) becomes 


— Mgh sin ne 


dt 
2 
or 1 Sy = — Mgh sin 8. 


EE eat) 


EXERCISES 
1. Find the equation of a straight line in Cartesian codrdinates by 
minimizing the HDs if Vda? + dy. 
2. Find the equation of a straight line in polar codrdinates by mini- 


mizing the integral i dr? + 72de2 


8. Find the equation of the shortest line on the surface of a sphere 
and prove that it is a great circle. 

4. Show that the shortest lines on a right circular cylinder are helices. 

5. Find the equation of the shortest line on a cone of revolution. 

6. Find the equation of the shortest line on the helicoid x = r cos 6, 
yorsin 0,2=k0. 

7. Find the differential equation of a geodesic on any surface of 
revolution x =r cos 6, y=r sin 0,z=f(r). 


8. Given that the velocity of a body sliding from rest along a curve 
is V2 gh, where h is the vertical distance of the fall, find the equation 
of the brachistochrone; that is, the curve in which the body falls in 
least time from a point O to a point B. 


9. Determine the curve for which ie vds is a minimum, assuming 
that the velocity » = \/2 g(y + a). 


10. Find the curve of given length between two fixed points which 
generates the minimum surface of revolution. 
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11. Find a curve of given length between two fixed points such that 
the area bounded by it, the axis of x, and two ordinates is a maximum. 


12. Find a curve of given length between two fixed points such that 
the area bounded by it and two lines to the origin is a maximum. 


13. Assuming that a string with fixed ends will so hang that its center 
of gravity has the lowest possible position, find the curve in which a 
string of given length will hang. 7 


14. Prove by Hamilton’s principle that the string in Ex. 18 will hang 
as stated. 


15. Show by Hamilton’s principle that the equations in polar coérdi- 
nates for the motion of a particle in a plane are 


m[ae—r(@) |e 


a*6 9 a6 dr 
a ae atlas 


where f, and fg are the components of force acting on the particle along 
the radius vector and normal] to it. 


16. Find from Hamilton’s principle the polar equations for the motion 
of a particle in space. 
17. Show that if the integral 


1h ili F(x, y, 2, p, q)dx dy, 
where p = a a =, is made a maximum or a minimum by a surface 


spanned in a given closed curve, that surface must satisfy the equation 
is FEN | ee 


18. Use Ex. 17 to show that a minimum surface, that is, a surface of 
least area in a given contour, satisfies the partial differential equation 


r(l+q?) —2pqs+t(1+p”) = 0, 
072 i 02 re OZ 
ox? x Oy by? 
19. Show that the only surface of revolution which satisfies the equa- 
tion in Ex. 18 is that formed by revolving a catenary (except for the 


trivial case of a plane formed by revolving a straight line about an axis 
perpendicular to it). 


where a 


CHAPTER XV 
FUNCTIONS OF A COMPLEX VARIABLE 


134. Complex numbers. A complex number is a quantity of the 


tore x + yi, (1) 
where x and y are real numbers and 7 is a unit defined by the 
equation Fon S|, (2) 


The number z is the real part of the complex number and the 
number yi is the imaginary part. When y = 0 the complex num- 
ber becomes a real number, so that the real numbers form a 
subclass of the complex numbers; when x = 0) the complex num- 
ber becomes a pure imaginary number. 

The complex numbers being thus defined, it is necessary to lay 
down rules for their manipulation. These are essentially two: 

I. A complex number (1) ts zero when, and only when, x = 0 
and y = 0. 

II. The complex numbers obey the ordinary laws of algebra, with 
the addition that 1 = V —1. 

From these follow at once the formulas for addition, subtrac- 
tion, and multiplication; namely, 

(11 + 191) + (t2 + ty2) = (M11 + Xe) + 1(yi + Yo), (3) 
(x1 + ty1)(@2 + ty2) = X1X2 — Yiy2 + U(Liy2 + Toy). (4) 
The quotient of two numbers such as 
Xi + 11 
re + tY2 
may be most conveniently found by multiplying dividend and 
divisor by x2 — 7y2, thus, 

ri + 1 aa (ti + ty1) (x2 — ty2) # L1X2 + Yiy2 aris T2Y1 — L1Y2 (5) 

tot tye (%2+ ty2)(e2— tye) = 2" yo” x2” + yr” 

From (8), (4), and (5) we have the following theorem : 

III. The sum, difference, product, and quotient of two complex 


numbers are themselves complex numbers. 
332 
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If two complex numbers are equal, that is, if 


1 + ty = Le + typ, 
then, from (8), (t1 — Lz) + (yr — yo) = 0; 
whence, from postulate I, 


j v1 = 2, Y= Ye. 
That is, ; 


IV. Two complex numbers are equal when, and only when, the 
real part of one is equal to the real part of the other and the pure 
umaginary part of one is equal to the pure imaginary part of the 
other. 


Two quantities which’ differ only in the sign of their pure 
imaginary parts are called conjugate imaginary. Thus a+ bi and 
a — bi are conjugate imaginary. 

135. Graphical representation and trigonometric form. Complex 
numbers are essentially algebraic quantities, but they may be given 
a convenient geometric representation. y 

Construct axes of codrdinates OX and 
OY (Fig. 105) and take any point P. 
Then to any point P corresponds a defi- 
nite pair of values (x, y), and conversely. 
Therefore to P may be made to corre- 
spond the complex number z, where 


z=x+ wy. (1) Fic. 105 


In this connection OX is called the axis of reals, since real 
numbers are represented by points upon it, and OY is called the 
axis of imaginaries. 

If we introduce polar coérdinates 


£= 7 eos 0, y=rsin 0, 
we then have, from (1), 
z=r(cos 6+7sin 8), (2) 


which is the trigonometric form in which a complex number can 


always be put. 
The number r, which is always taken positive, is called the 
modulus, or the absolute value, of z and is equal to the length of 


ine OP. Th 
the line en je) =r = Va2+ y (3) 
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The angle @ is called the angle, or argument, of z. Then 


bod 6 ees Sy) ee (4) 
Via? + y? Vert y? 


If a is a real positive number, we may write 
a =a(cos0+7 sin 0), 
—a=a(cos7+7sin 7), 


aon ct) 
a= a eee vs 9)’ 


2 2 


thus expressing any real or pure imaginary number in the gen- 
eral form (2) and exhibiting the modulus and the angle of each. 
Any multiple of 2 7 may be added to the angle @ without alter- 
ing z, since 
r[cos (0+ 2kmr)+7sin(6+2kr)]=r(cos@+7sin 6), (5) 


where k is any integer. 
Take two complex quantities z,; and zs, represented by the 
points P; and P2 (Fig. 106) respectively. It is easy to see from 
(8), §134, that their sum, 7i1+22,is y 
represented by the point P3, found 
by constructing a parallelogram on 
the sides OP; and OP2. From the 
figure it follows that 


[21 + 22|=|a|+[22|, (6) 


the equality sign holding only when 
OP, and OP2 are in the same 


—a= a(cos >" + é sin =) 


Elz te, 


O 


straight line. ot 
Since 2 — 22= 21+ (— 22) and |—z2|=|z2|, we have also, 
from (6), |z1 — 22| =|z1|+] ze]. (7) 


Graphically the points z2 and — z2 are symmetrically placed with 
respect to the origin, and we have for subtraction Fig. 107. 
To represent multiplication and division graphically we use the 
trigonometric form. Then 
222 = T17r2[cos 8; cos O2 — sin 6; sin 82 
+ 7(sin 6; cos 62 + cos 6; sin 62)] 
= T1T2[COs (0; + 62) + 2 sin (0; = 62)). (8) 
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Hence in the multiplication of two complex numbers the moduli 
are multiplied and the angles are added. Graphically, if P, 
(Fig. 108) is the point 2, the point z1:z2 may be found by rotating 
OP, in the positive direction through an angle 62 and stretch- 
ing or contracting OP; until it is of length rire. In particular, 
multiplication by 7 may be considered as rotating OP; through 


P22) 


E(z-2,) 


Fig. 107 Fig. 108 


an angle of 90°, multiplication by —1 as rotation through an 
angle of 180°, and multiplication by — 7 as rotation through 270°. 
For division we have 


gia Sate EC (8192) 1a) cin --82)), (9) 

Z2 fre(cos@2+7sin 02) 12 

Hence in dividing one complex quantity by another the angle 
of the divisor is subtracted from the angle of the dividend, and 
the modulus of the dividend is divided by the modulus of the 
divisor. Graphically the line OP; is rotated in a negative direc- 
tion through an angle 62, and the length of OP; is divided by rz. 

From (8) and (9) we have 


21 | 
\ax2n| = |21|-[2al, | 


rat Hac 10 
|z2| a 
136. Powers and roots. The value of 2”, where n is a positive 

integer, may be found by successive multiplication of z by itself. 

If we write 2” as x + iy, we can find (x + ty)” by applying the 

binomial theorem ; thus, 


(a+ ty)? = 2? —y?+2 xy, 
(x + iy)? = «3 — 3 ay? + 18 27y — y®). 


cal 


£2 
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An important form of the power is obtained by using the 
trigonometric form of z. From the previous section, 


z” =[r(cos 8+ 7sin 8)]” = r™ (cos n6 +7 sin 76). (1) 
In particular, if r = 1 we have De Moivre’s theorem (§ 26) 
: (cos 6+ 7sin 0)" = cos nO +7 sin 6. (2) 


The root 2", where n is a positive integer, is a number which 
raised to the nth power gives z. From the general form of z as 
given in (5), §185, it is evident from (1) that 

Dot sd O64+2kn ., 042kr 
(cos ar ane +4sin ae 


ia 


(3) 


1 
and we shall get distinct values of z” by giving to k the values 
1 


0, 1, 2,---, (w—1) successively. In this work r” is to be taken 
as the numerical positive root of the real positive number r. 
By combining (1) and (8) we have 


Pare? 
are (cos fsb ecole: “S ay +7sin PONE REE “ =r), (4) 
where k = 0, 1, 2,---, (q—1). 
Ringliveee 1. _cos0+z7sin 0 
oe ~ gm x™(eog mb + 7 sin mé) 
=r_™[eos(— m@) + 7 sin (— m@)]. (5) 


Hence formula (1) is true for any rational value of n. 
We may now prove the relation which was used in obtaining 
formula (5), § 70. By algebra, 


2?P—1=(ex—n)(t€—1re)--- (&€—Te2p), (6) 
where ri, T2, - - -, T2p are the roots of the equation x?” = 1. These 
roots are, by (3), 

2k eee 

cos 5 + isin 5 (b= ONIN pe) (7) 
When k = 0, (7) gives the root 7; = 1; when k = p, (7) gives the 
root r, =—1. The other roots pair off into conjugate imaginary 
pairs. For when k = n, where n= 1, 2,---, p—1, 


ny. . NT 
Tn, = cos — +25In —> 
and when k= 2p—n, f A 


12m COS ae SI) 
Pp p 
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Therefore (a — rn)(* — T2p-n) = 22 —2xcos "+1. Hence we 
may write (6) in the form te 
y?2P — af 2 i 7 € 
ee ete) 
x-—1 p p 


(2? - 22c0s2@— T+ 1} (8) 


Now let x1. The left-hand atts of (8) approaches p, and 
the limit of the right side is its value when x=1. Therefore, 
2 9 3: 9 oD 2 0 <1 
D2 SSNs = sin* oF were sin” i ees Ls 5 ae 

Similarly, let « —~ — i hen . 
xe —1 
= 2? Cos" on cos” tas - + cos? So 
Multiply the last two results, using the formula for the double 
angle, and take the square root. We then have 


; wc : —1 
anes 


Pp 
net, vas dae ett Ok = 
whence sin — sin —--- sin = 
Pp Pp Pp Sy 
137. The square root. Let us consider in detail the dependence 
iv of w=-~z on the value of z. 


From (8), §136, there are two 
values of w; namely, 


4 
Ow, 
w€ U 
O w O 
Fic. 109 @ 
Ca aa 
ii Vi (cos 5 +2sin 5) 


— . 64+2 
and ws = Vi (cos F* 4 i sin a 7) = = wy 


2 


We may plot z on the (z, y) plane and w on the (u, v) plane, 
where w = u + wv (Fig. 109). 
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Let z describe a curve in its plane. Then w; and we each de- 
scribes a curve, and the two curves do not intersect unless z = 0. 

If z describes a closed curve which does not go around O, 0 
returns to its original value, and w, and w2 return each to its 
original value. 

If z goes around O, 6 changes from 6 (its original value) to 
0) + 2 1, w; becomes we, and we becomes w; (Fig. 110). To make 


Fia. 110 


this numerically clear we give a table of values of w; corresponding 
to successive values of z: 


z=4, : w= 2 
TT ager : 1 Sertoaad ate 5 
z= 4(cos™ + isin) = 43, w= 2(cos * + isin 7) 
oe aes 
V2 ae Ne 
z= 4(cos r +7 sin 7) = — 4, w= 2(cos = + isin 2) = 2: 
8r.. 39 ; 3 : 
2=4(cos3* + isin) = — 43, ww, = (cos = + sin) 
2 eo 
= — —+1—: 
Nee Ne 
z=A4A(cos 2 7+7sin 2 7) = 4, WwW = 2(cos 7 +7 sin 7) = — 2. 


It is evident that by a passage of z around the origin, Vz changes 
its sign. Similarly, by a passage of z around z=a, the radical 
Vz—a or Va—z changes its sign. Of course, an even number 
of circuits around z=a leaves Vz—a unchanged, and an odd 
number changes its sign. 


Consider V1—-2=V1—-zvVl1-4<z. 
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A single circuit around either of the points + 1 or — 1 changes 
the sign of V1— 22; a circuit about both of them leaves the sign 
unchanged. 

Now let z describe a path as follows: Let it start from O 
(Fig. 111), go along the axis of reals to 1—~7, describe then 
the small semicircle around 


z 
1 to 1+7, and then pro- iy > 
ceed indefinitely along the axis [\ 


of reals. What is the effect 9 ine 114? 
on the sign of V1—2? if at iG, 131 


the outset V1—2z2=+1? To answer this question we place 
1—z=1—x-—w=r(cos ¢—7sin 9), 
where ¢ and ¢ are as shown in Fig. 111. Then 
1+2z=2-—r7(cos ¢—‘sin ¢), 


and V1—2= 73 (cos 7 —7sin ae —r(cos@—isin®g). (1) 


When z is between 0 and 1—7, 6=0, and we have, from (1), 
V1 — 22 =r? V2—r1, 
which must be taken as +, since by hypothesis V1 — z2 = 1 when 
r= 0. 
When z is real and > 1+7, ¢=7, and we have, from (1), 
V1 — 22 =— ir? V2 +17. (2) 
If we simply put z=1+7 in V1—2?, we get V—2r —7?, 
and the analysis just given shows that this must be taken as 
—iv2r+r2 and not astvVv2r4+r. ,. 
138. Exponential and trigonometric functions. By definition we 


have Pe 
ou Boe Be Se SPE on 1 
a Paco igs | ; (1) 
3 2° 
sing=2—- St (2) 
2 zt 
cosz=1— E+ — ey 


When z is real these become the elementary functions. To prove 
the convergence of the series place z= r(cos +7 sin 4). Then 
(1) becomes 


et Sn ey ee ee E 
(147 cos0-+ 5 cos20+---)4i(rsind-+Fsin20+---), 
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Each term of the two series in parentheses is at most equal to a 
corresponding term of the known convergent series 


r? r? 
Reeueaenerg er 


and hence by the comparison test (§18) the series converges. 
In the same manner (2) and (3) may be shown to converge. 


From (1) we have 
e? =a L a ee (gigas (4) 


which are the fundamental properties of the exponential function. 

From (1), (2), and (8) we get also 

e* = cos z+7 sin z, 
ies ae (5) 
e”“=cosz—71 Sin 2, 

which is true for all complex values of z. From (4) and. (5) it 
follows that er tiv — e cos y + ie’ sin y, (6) 
from which we have the theorem : 

The exponential function of a complex quantity is itself a complex 
quantity. 


From (5) we have. : 


Sie See igi eS (7) 
21 2 
With the aid of (4) we readily obtain from (7) 
sin (2; + 22) = sin 2; cos z2 + cos z sin 22, (8) 
cos (21 + 22) = COs 2% COS 22 — sin 2 Sin 22. (9) 


In (7) let us place 2; = x, 22 =1y. We get 


sin (« + ty) = sin x cos ty + cos x sin ty 
Gu Cae. eu — e¥ 
— 5 sin 7 +2 


COS X 


= cosh y sin x +7 sinh y cos x. (10) 


ev +e ¥ ev —e¥ 
cos © — 2 


Similarly, cos (x + zy) = sin x 


= cosh y cos x —7 sinh y sin x; (11) 
whence we have the theorem: 


The sine and cosine of a complex quantity are themselves complex 
quanirties. 


« 
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It is known from elementary trigonometry that sin (x + 2 k7) 
= sin x, cos (x + 2 kr) = cos x, where x is a real number and k 
is an integer. Hence, from (6), 


ert 2k = e*, (12) 


and, from (10) and (11), 
sin (¢+ 2 kr) = sin z, cos (z+ 2 ki) = cos z. (13) 
From this we have the theorem : : 
The exponential function is a periodic function with the imaginary 


period 2 mi. The sine and cosine are periodic functions with the 
real period 2 7. 


139. The hyperbolic functions. The hyperbolic sine and the 
hyperbolic cosine have been defined in § 27 and treated for a real 
variable. The same definitions hold for a complex variable; 
namely, 


; e—e* e+e? 
sinh z= —>—> cosh z = Ede (1) 
From these definitions we have 
le e% 
sinh iz = ae cee 4 sin Z, (2) 
i e ae e* 
cosh 7z = aoe ee COS 2. (3) 
e-iliz) __ piliz) 
Similarly, sinh z= Ee 2 sin 22, (4) 
e~ t(iz) ei) ; 
cosh z= oe == COS 12. (5) 


From this it appears that hyperbolic functions are essentially 
trigonometric functions and that relations between trigonometric 
functions give rise to relations between hyperbolic functions, with 
certain differences arising from the presence of the factor 7 in 
(2) and (8). 

For example, since sin” iz + cos” iz = 1, 
we have, from (2) and (8), 

cosh? z — sinh? z= 1, (6) 


which may be verified from (1). 
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We have also 


sinh (2 + 22) = — 7 sin (121 + 722) 
= — 7 Sin 721 COS 1Z2 — 2 COS 221 SIN 1Z2 
= sinh z; cosh zz + cosh % sinh Ze, (7) 


cosh (2; + 22) = cos (121 + 222) 
= COS 121 COS 122 — SiN 221 SiN 122 
= cosh 2; cosh z2 + sinh 2; sinh 22. (8) 
As special cases of (7) and (8) we have, by use of (2) and (3), 
sinh (x + iy) = sinh x cosh ty + cosh x sinh zy 


= sinh x cos y +7 cosh x sin y, (9) 
cosh (x + iy) = cosh x cosh zy + sinh x sinh zy 
= cosh x cos y +7 sinh z sin y, (10) 


by means of which the hyperbolic sine and the hyperbolic cosine 
are separated into their real and imaginary parts. 
From (7) and (8) we have 
sinh (z+ 2 k71) = sinh z, 
cosh (z+ 2 kmz) = cosh z. 
Hence 


The hyperbolic sine and the hyperbolic cosine are periodic func- 
tions with the imaginary period 2 mi. 
140. The logarithmic function. If z=e”, then, by definition, 
w = log z. 


The properties of the logarithmic function, namely, 
z 
log (2122) = log z; + log ze, log = = log z; — log zz, 
2 


log 2” = n log z, log L='0; 


are deduced from the definition, as in the case of real variables. 
The logarithm of a complex number is itself a complex number. 
For let us place 


z=x+iy=r(cos0+/sin 6) = re®; 
then . 


log 2 = log r + log e = log r + 18 =5 log (2? + y2) + é tan? &. i 
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Here log r is the real logarithm of the positive number r, as 
found in the usual tables. 

We may now find the logarithm of a real negative number. 
For, if — aissuch a number, we may write — a = a(cos r+7sin 7) 
= ae"; whence 

log (— a) = loga+iz. 
In particular, log (— 1) =77, 


It is to be noticed that in the domain of the complex numbers 
a logarithm is not a unique quantity. For 


ew = elt thin =2Z 

, 
where k is zero or an integer. Therefore 
logz=w+2kir. 


From this it follows that the logarithm of any number has an 
infinite number of values differing by multiples of 2 77. 

Let us consider the effect upon w = log z by varying z continu- 
ously. When z= 21, let us pick any one of the possible values of 
ENS W= log 1 +761. 

When z describes a path from z back to z without going 
around the origin, 7; and 6; return to their original values, and 
hence w; returns to its original value. But if z describes a path 
which goes around O once in a positive direction, 7; returns to its 
original value, but the angle 0; becomes 6; + 2 7, and hence w; 
becomes w; +277. If w goes m times around the origin in a 
positive direction and n times in a negative direction, w; becomes 
w, + 2(m — n) 71. 

141. The inverse hyperbolic and trigonometric functions. If 


z= sinh w, 
then, by definition, w = sinh"! z; 
if = cosh w, 
then w = cosh! z; 
and if z= tanh w, 
then w = tanh! z. 
These functions are closely connected with the logarithms. For 
S enh = — 
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From this equation we have 
e2¥ —22"—1= 0, 


which is a quadratic equation in e”. 


Hence ee =e Ve 
w = sinh7!z = log (z+ Vz 4+ 1). (1) 
Similarly, cosh!z = log (z + Vz? —1), (2) 
i) 1—z 
al =— . (3) 
and tanh 2 5 log ze 


These formulas are true for any complex quantity z. If z=, 
a real number, (1) gives only one real value of w arising from the 
use of the plus sign in (1). If z= xz, a real number, in (2), we have 
two real values of w provided x > 1. If z=, a real number, in 
(8), we have one real value of w when —1 < # < 1. 

The functions sin~' z, cos~' z, and tan! z may also be expressed 
in terms of logarithms. This may be done in the same manner as 
that just employed for the hyperbolic functions, or we may work 
as follows: 


Let o— ie : sinh 2w. 
wae ete 
Then w= sin ' == sinh liz 
1 y —— 
=F log (iz +V1 — 22). (4) 
Let 2 = cos W = cosh iw. 
Then w=cos 'z= ; cosh"! z 
1 
= = log (g+V2? —1). (5) 
| 1 
Let 2=tanw=— ; tanh iw. 
—1 1 -1; 
Then w=tan -2= a tanh~* 7z 
1 1—2z 
fos 6 
24 me 1+ 2 (8) 


142. Functions of a complex variable in general. We have seen 
that functions of a complex variable obtained by operating on 
« + y with the fundamental operations of algebra, or involving 
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the elementary transcendental functions, are themselves complex 
numbers of the form w+ iv, where uw and »v are real functions of x 
and y. Let us now assume the expression w = u + 2, and inquire 
what conditions it must satisfy in order that it may be a function 
of z=x+ 1y. 

In the first place, it is to be noticed that in the broadest sense 
of the word function ($1) w is always a function of z, since when 
z is given, x and y are determined and therefore uw and v are 
determined. But this definition is too broad for our present pur- 
pose, and we shall restrict it by demanding that the function shall 
have a definite derivative for a definite value of z. 

In case f(z) is given explicitly in z involving the elementary 
functions of the previous sections, this condition is surely met, 
because all the operations used in the calculus of a real variable 
to obtain the elementary derivatives are valid for the complex 
variable, and the derivative is uniquely determined. We have, for 
example, NE Thi a, a 

We es Ge sinz=cos2z, 7 logz=—» 
and so on. 

We shall proceed to show, however, that the uniqueness of the 
derivative means that wu and » satisfy certain conditions. This 
we do as follows: In order to ob- y 
tain an increment of z, we may assign 
at pleasure increments Ax and Ay 
to x and y, respectively, and obtain 
Az=Az+iAy. The direction in which 
the point Q (Fig. 112), which cor- 
responds to z+ Az in the graphical 
representation, lies from P, which cor- Fic. 112 


Q(z+Az) 


a a : 
responds to z, depends on the ratio a , which may have any value 


- whatever. Corresponding to a given increment Az, w takes an 
increment Aw, where, by (1), § 33, 


Aw =(= oe «)A + & a Ay 


f(r a)are(B ea) 


provided wu and v have continuous partial derivatives of the first 
order. 
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Dividing by Az = Ax +7 Ay and taking the limit as Ar 0 
and Ay — 0, we have 


Ca On ou , 2 dy 
yee Wie Tape Ox oy oy] dx 
Lim —= 3 (1) 
Az70 Az .dy 
1+i1— 
dx 


Unless special conditions are imposed upon u and 2, the expres- 


; ; d 
sion on the right-hand side of equation (1) involves and the 


A reg ; : 
value of Lim te depends upon the direction in which the point 
Az 0 


Q approaches the point P. Now the value of the right-hand side 
d ' 
of (1) when s = (1s Caden oe 
ae (P sreaek | 
Ox Ox 


; d : 
and its value when iS oh is 


dx 
1/ou  .dv 
Gets) 


Equating these two values, we have 


du . dv oe , ou 
dy Oy) oy oy 


rp eh 


(2) 


This, then, is the necessary condition that Lim ae should be 


dy dy Az3>0 Az 
the same for the two values eae 0 and =a = ©. It is also the 
, ay a ya 
sufficient condition that Lim = should be the same for all values 
d Pent Oh iy ek 
of ae for if (1) is simplified by aid of (2), “ disappears from it. 
Now (2) is equivalent to the two conditions 
du _ @0 
ex Oy 
(3) 
Qu __ 20 
oy ox 


Hence equations (8) are the necessary and sufficient conditions 
that the function w+ 7 should have a derivative with respect 
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to x+y which depends upon the value of x+y only. From 
(1) this derivative may be written 
dw, ou .dv_ 1/du, .ov 
—— 2) = —— Pee ee ar | ee eae IR 
I@) a os (pe tis] 

A function «+ 7% which satisfies conditions (3) is called an 
analytic function of x + iy. 

143. Conjugate functions. Two real functions uw and v, which 
satisfy conditions (8), §142, are called conjugate functions. By 
differentiating the first equation of (8), §142, with respect to z, 
the second with respect to y, and adding the results, we have 


(4) 


(a 
bx? iF of 0. 


Also, by differentiating the first equation of (8), §142, with 
respect to y, the second with respect to x, and taking the differ- 
ence of the results, we have 


That is, each of a pair of conjugate functions is a solution of 
the Laplace differential equation in two variables. 

Conversely, any real solution of the Laplace equation may be 
made the real part of an analytic function f(z). 

For let uw be such a solution. We may determine v from the 


equations ao aS au a0 is au 7 
ox oy ~=—s by'”—=sxk 
p) Q 
In fact, dy = — de += dy 
Y Ox 


satisfies the condition for an exact differential, since 


ae) 
oy = dy] ox\dx ‘ 
and v may be found by the method of § 36 or of § 75. 


Then the function w+ w= f(z) 


satisfies the conditions for an analytic function. 
Let us now construct the two families of curves u=c; and 
v=Co. If (x1, y:) is a point of intersection of two of these curves, 
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one from each family, the slopes of the tangent lines at (2, y1) 


are, respectively, Ou 
dy __ oe 

dz Ou 

oy 

ov 

dy. 07 

oy 


But from (3), $142, these two slopes are negative reciprocals. 
Hence the two curves intersect at right angles; that is, every curve 
of one family intersects every curve of the other family at right 
angles. We express this by saying that the families of curves corre- 
sponding to two conjugate functions form an orthogonal system. 

Examples of conjugate functions and of orthogonal systems of 
curves may be found by taking the real and imaginary parts of 
any function of a complex variable. We have, for instance, 


log (2 + ty) = log ViFF P+ i tan ©. 
Hence log Vz? + y? and tan- “ are conjugate functions, and the 
x 


curves x°+ y?>=c; and y= cor form an orthogonal system. In 
fact, one family of curves consists of circles with their centers at the 
origin, and the other consists of straight lines through the origin. 


Z- plane p W- plane 


Fig, 1138 


144. Conformal representation. An equation 
w = f(z), (1) 
where z=x2+2y, w=u-+, and f(z) is an analytic function, 
establishes a relation between the plane in which z is represented 
as in §135 and the plane in which w is similarly represented. 
If P(x, y) (Fig. 113) is a point on the z-plane and P’(u, v) the 
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corresponding point on the w-plane, the relation between P and 
P’ is given by the equations 

u=u(x, y), 

= 0(, 7/). 
Let Q(x + dx, y+ dy) bea point near P. Then Q’(u+ du, v+ dv) 
is the corresponding point near P’, where 

Ou Ou 


(2) 


BM eth cata CY: & 
and do = de + ay 
Let PQ= ds = Vdx? + dy? 
and P'Q' = do = Vdu2 + dv?. 
Then, from (3) and the relations (8), § 142, it is easy to calcu- 
late that om EM Ge. (4) 


ou\? , (av \? Gu\*, (ov? 

where M= (=) + (=) = \(=) + (=) : (5) 

Since the coefficient M depends only on the codrdinates of P and 
not on those of Q, formula (4) shows that all infinitesimal lengths 
emanating from P are magnified in the same ratio. The scale 
of magnification changes, however, as the point P changes. 

Let R(x+ 6x, y+6y) be another point near P, and let 
R’(u+ 6u, v+6v) be the corresponding point near P’. It is 
easy to show, by virtue of the relations (8), § 142, that 


dx 6x + dy dy = M(du éu + do 6v). (6) 


Consequently, if @ is the angle between PQ and PR, and 6’ is 
the angle between P’Q’ and P’R’, we have, by (4), § 45, 


cos 6= cos @’. 


Hence if two curves on the z-plane intersect at an angle 6, the 
corresponding curves on the w-plane intersect at the same angle. 
In other words, angles are preserved. For this reason the relation 
between the two planes is said to be conformal. 

The discussion given above fails for points for which M = 0 or o. 
For such points we do not expect to find preservation of angle. 
By (4), $142, M is the absolute value of f’(z). Hence the con- 
formal property fails at the points for which f’(z) = 0 or %. 
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Example 1. Wize 3 
EE LO) 
(1) Bap 


and do = 2V 2? + y? ds. (8) 


The magnification is consequently symmetric about the origin and 
becomes greater as the point (x, y) is taken farther from the origin. 
The representation will be conformal at all finite points except where 


“ =22z=0. In fact, if we write 
z=r(cos 0+ 7sin 6), 


we have w= r*(cos 20+ 7 sin 2 0); 

whence it appears that the angle of w is twice the angle of z, so that if z 
describes an arc subtending an angle @ at the origin, w describes an arc 
which subtends an angle 2 @ at its origin. Hence the first quadrant of 
the z-plane is imaged on the upper half of the w-plane. In fact, from 
(7) it appears that if y= 0 and zx varies from 0 to + o, then v=0 and 
u varies from 0 to + 0; if x= 0 and y varies from 0 to + «0, then v= 0 
and wu varies from 0 to — 0. Hence the positive part of the z-axis cor- 
responds to the positive part of the u-axis, and the positive part of the 
y-axis corresponds to the negative part of the u-axis. 


The straight lines. t= Cy = es (9) 
on the z-plane correspond to the two orthogonal families of parabolas 
v=—4¢7(u—c1?), v2 =4 co?(u + c2?) (10) 


on the w-plane. 
On the other hand, the straight lines 


uU=Ci, V=C2 (11) 


on the w-plane correspond to the two orthogonal families of hyperbolas 


xt—y=e, ry = 3 C2 (12) 
on the z-plane. 
Example 2. ie 
Here u=e-” cos 2, (13) 
and PSOE ER 
Since et? — eiz+27i — eilz 4s). 


all values of w are obtained by considering a strip of width 2 7 measured 
parallel to OX on the z-plane, the sides of the strip being parallel 
to OY. In other words, the entire w-plane is imaged on such a strip. 
The conformal property fails only when z =o. For other points 

dg =e tds, (14) 
so that the magnification depends on the distance of z from the z-axis. 
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The straight lines y= ty 

parallel to the axis of reals on the z-plane correspond to circles 

Mary = ena ee ALLS) 
with center at the origin. If c; =0 the radius of the circle (15) is 
unity, if c: > 0 the radius is less than unity, and if c, < 0 the radius is 
greater than unity. Hence we infer that the upper half of the z-plane 
corresponds to the portion of the w-plane inside a circle with radius 
unity, and the lower half of the z-plane corresponds to the portion 
of the w-plane outside the same circle. When y= the circle (15) 
becomes simply the origin on the w-plane, and when y =— oo the 
circle (15) has an infinite radius. 


The straight lines T—=Co 


parallel to the axis of imaginaries on the z-plane correspond to the 


straight lines v= u tan co (16) 


on the w-plane which are orthogonal to the circles (15). To increase 
C2 by 2 7 does not change the line (16), in agreement with the fact, 
already noted, that the w-plane corresponds to a strip of width 2 7 on 
the z-plane. 

The relation between the z-plane and the w-plane is essentially that 
which exists between two maps of the earth’s surface, one a stereo- 
graphic projection and the other a Mercator projection. In the former, 
which may be taken as the w-plane, the north pole is the origin, the 
circles of latitude are concentric circles around the pole, and the merid- 
ian lines are straight lines through the pole. In Mercator’s projection 
circles of latitude and longitude are straight lines, the north pole is at 
infinity, and the magnification, or distortion, becomes greater the closer _ 
one comes to the pole. The student is advised to compare two such 
maps, to be found in any atlas. 


145. Integral of a complex function. Let f(z) be analytic in a 
region R (Fig. 114) and consider the Y 


integral Z 
ii f(dz (1) 


taken along a curve C drawn from % 
to z2. This is essentially a line integral. 


In fact, if we place = 
f@)=ule,y)+inle,y), de=detidy, \ 9] 7 
(1) becomes SfOk114 
(Za Y2) (Xe, Y2) 
i (ude —vdy) +if (v dx + u dy), (2) 
(23, 41) (x1, Wy) 
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and the conditions that the integrals in (2) should be independent 
of the curve C are exactly the conditions that f(z) should be an 
analytic function. We have, therefore, the following theorem: 


In any region R in which f(z) 1s a single-valued continuous function 
of z the integral if f(z)dz is independent of the path of integration be- 


tween 2 and 22, and the integral if f(z)dz around a closed path is zero. 


A corollary is that the path of this integral, whether closed 
or between fixed limits, may be deformed without changing 
the value of the integral, provided that in the deformation 
no point is encountered at which f(z) ceases to be analytic. 

146. Cauchy’s theorem. Let f(z) be single-valued and ae 
in a region including a point z= a and 
bounded by a curve C (Fig. 115). Draw 
a small circle around a as a center. 
Then in the area bounded by C and 

F(Z) 


this circle the function ; 


is continu- 


ous and single-valued. Hence 


ui resp ial mi 


(gab) — 7 
(C) Fig. 115 


where the second integral is taken around the small circle. 
Now since f(z) is continuous at z= a, 


f(z) =f(a) + 


F(z) dz e dz 
Hence fe «=10 [+f = 


On the circumference of the circle we have 


z—a=r(cos 0+7sin 0) = re", 
dz = ire” dQ, 


Therefore 
f(z) ts 2m : 
{e=s0 f[ ido+ fi ve dO = 2 wif(a) + 7, 


2r 
where 7 = 7 f e dé. Now we may take the radius of the circle so 


small that || is less than any assigned value for all points on the 


CAUCHY’S THEOREM 353 
circle. Hence |7| is less than any assigned value, and the value 
i J@) es differs from 2 rif(a) by.a quantity which can be 
made as ee as we please. Therefore, from (1), 


1 z 
f(a ON oe It) 


o— 0 


dz. (2) 


This is Cauchy’s theorem. 
» Another form of this result is 


ey el 
j@) =5— if LO i, (@) 


where z is held constant-in the integration and ¢ traverses the 
curve C. 

It may be shown that the integral (3) may be differentiated 
under the integral sign and that each result thus obtained may be 
differentiated in the same way. We shall assume this. Then 


, f(t) 
Oo 2 inf t-7 att 
7 = F(t) 

Tes Hee ry 


”) — £O (4) 


{” “10 
@) = Eye at! 


From these it follows that if a func- 
tion is analytic, all its derivatives exist. 
This is not necessarily true for a function 
of a real variable. 

147. Taylor’s series. Let f(z) be ana- 
lytic within a circle C (Fig. 116) of center 
z—a and radius R. By (8), §146, if zis 
any point within C, we have 


1 f(t) ; 
pelea eds 1 
JO=5 Ale ee o Fic. 116 


(C) 
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where the integral is taken around the circle C. We have clearly 


il 1 1 1 


———— = a 


Livia ey 
2 ay" = 
1 1 zZ—-a@. (#—a) ae (z a)” a j 


mete t mee avsek 7% a)” Wee 
t—a 
Substituting in (1), we have 
ss Je aif Ta F(t) 
ie te mid (t— bas 
(Z@— a)" F(t)dt 
ns 2 
2 17 (t— @—atit ® (2) 
(C) 
ais n+1 
where k= a eM. (=) dt. (8) 
2m/ t—z\t—a 
(C) 
By (8) and (4), §146, formula (2) is = 
f(@) =f@+@- nee + AeA oes an 
4 2= 9" p09) 4 Ry (4) 
We now wish to show that 
Lim R, = 0. (5) 
Let |z—al=r and |t—a|=R 
Then |t—2z|= R—r. 
Also, let M be the largest value which | f(t)| takes on the cir- 
cumference of C. Then 
f(t) (: cs “" M (zy 
t—z\t—a Ree R ; (6) 


Since r < R, we may, by taking n sufficiently great, make the 
expression (6) less than any assigned positive quantity e. Hence, 


from (3), € 
2 1 
(C) 
By using polar coérdinates with center at a, t— a= Re and 
dt = Rie” d@. Hence Re (27 
|Rnl< ~f[ dere 
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Hence (2) gives us the infinite Taylor series 


fle) = fla) + @— asa) +--+ =O" pray gs. 
which converges for all points within the circle C. The size of C 
is limited only by the condition that f(z) shall be analytic within 
it. Hence the circle C may be extended until it meets the nearest 
singular point of f(z). In this way the circle of convergence of (7) 
is determined. When a function may be expanded around z= a 
in the series (7), it is said to be regular at the point a. 
148. Poles and residues. An analytic function f(z) is said to 
have a pole of order m at the point a if 


_ _ (2) 
F(2) Ks, (z 7 a)” (1) 


where ¢$(z) is a function which is regular at a. By expanding 
¢(z) into a Taylor series in the neighborhood of a we get from 
(1) a series of the form 


bm by 
OE en ee rr eo 
or, since the series which closes (2) defines an analytic function 
m m—1 if 
We etager ars th esa.) @) 


Consider now the integral 


fied 


taken along a closed path within which f(z) is analytic except for 
the pole a. Then, by §145, 


[vod =o, 
(C) 
and, except in the case m = — 1, 


ot. jee! ee 
Ir (z—a)™ oe fe — m)(z — eal) °, 
(C) 


since z returns to its original value by a complete circuit of C. 


A dz. 
a 


We have, therefore, uf i@jdze= aa 


(C) (C) 
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To evaluate the last integral we may deform C into a circle 
(§115) with center at a and radius r (Fig. 117) and write 


2—a=re*, 


2a 
[sede = f Lae [vida = 2 rib, 
ay 0 


(C) (C) 


The quantity 6, which. is the only coefficient in the expansion 
(2) which affects the value of the integral of f(z) around C, is 
called the residue of the pole. 

Consider now a curve C (Fig. 118) surrounding any number of 
poles a1, @2, @3,°+*, G, of f(z) and let Ri, Re, R3,---, Ry» be the 


Fic. 117 Fic. 118 


residues of the poles. The path of integration of f(z)dz around C 
may be deformed into circles around a, a2, - - -, dn, and, applying 
the result just obtained, we have 


[Sede = 2 wills + Ro +--+ Ry). 


(C) 


That is, the integral of an analytic function around a closed 
path in which the function has no singularities except poles is equal 
to 2 71 temes the swm of the residues of the poles. 


The student should not think that a pole is the only singularity 
which a function may have. It is the only kind which we wish to 
consider. For a more complete study of singularities the student 
is referred to treatises on the theory of functions of a complex 
variable. 

149. Application to real integrals. The theorem on residues (§ 148) 
may be used to evaluate certain integrals of real variables. We 
will show this by examples. 
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eime 


Example 1. Consider ik ive 


dz, 


taken along the closed path (Fig. 119) formed by the axis of reals from 
—R to R and a semicircle from R back to — R. Within this path the 


function integrated has a pole z=7. To find its residue we write 
eimz 1 eimz 1 

az ( J=+ 6@ 
1l+z z2—21\z2+1, Z—1 


=——[d+@-de' D+ 


and the residue is 
: eam 
o(t) = ne Fic. 119 


Hence by the theorem of the last section the value of the integral 
along the path mentioned is 7e~”™. 
Along the axis of reals z= x, and along the semicircle 


z= R(cos 6 +7 sin ¢$); 
whence eimz — e—Rmsindveogs Rm +7 sin Rmd). 
Consequently for the given integral along the closed path we have 


ffs e™ dr (ees “in? (cos Rmg + isin Rm) 
-R1+z? Yo 14+ R?(cos2¢+7sin2 ¢) 


== Camas 


R(— sin @ +7 cos d)dd 


Now let R— ©. It is not difficult to see that the last integral ap- 
proaches zero as a limit, and therefore 


eimz 


it. Tien eae 


See % ip filial Ws 
But this is CS +7 et ae =m, 


and equating real and imaginary parts, we have 


diem 


ie cos mx 
-0o1+ 7? 


ie sin mr) _ 9, 
-e1+4? 


a COL MEY am (1) 
1+ 2x’? 


whence, finally, i 
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Example 2. Consider the integral 


e*? dz 
lies 


along the path (Fig. 120) consisting of the axis of reals from r to + R, 
a semicircle from R to — R, the axis of Yy 
reals from —R to —r, and a semicircle 
from —rto+r. 
Along the axis of reals z = x, and along 
the two semicircles 
z= R(cos0+isin 0)=Re®, — x 


: oh -rO!| r R 
and z=r(cos 0+7sin 0) = re”, 
Fig. 120 


respectively. 
Since the function has no pole in the region bounded by the path, 
the integral is zero, and we have 
i o dx oH fit came acco RO + isin RO)i dé 
2 Be 
ee 2 dx +f" e~78in 9(aog 79 + 7 sin r6)i dd = 0. 


Now let R— 0, r— 0. It is easy to see that the soca integral 
approaches 0 and that the fourth ee approaches — 77. Hence 


fia +f? © ae — ri=0. (2) 


In the second pee let x =— 2. Then 
oe” foe} eit 
— ~d —Xr —dr= — 
in (-NH=-f Se -{, > %& 


r 
so that (2) is {fp eee 
0 x 
that is pee ee 
ih ap “4 mh 8) 


Example 8. Consider the integral 
oo yP-1 * 
f : dx, 
o1l+z2 
which we have used in the Gamma functions. This converges if p is 
positive and less than unity. To evaluate it we take the integral 


il i a 
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along a closed path (Fig. 121) consisting of (1) the axis of reals from 
r to R, (2) a circle from R back to R, (3) the axis of reals from R to r, 
and (4) a circle from r to r. 


Inside this boundary the function has one pole, z = — 1, and the 
residue is (— 1)?-! = e(?-)** = cos (p — 1)7 +i sin(p — 1)7, 
so that the value of the integral is 
—27sin (p—1)4+2 mi cos (p — 1). 


Consider each of the four paths in succession. 
Along path (1) z=x=2(cos0+7sin 0). Therefore the integral is 


Ree 
iJ 8 dz. 
r1l+z2 


Along path (2) z= Re» The inte- 
gral is 


Qn RP—let(p—-1)8 


o 1+ Re* ‘ 
and the limit of this is zero as R—> ©, 
since p < l. 


Along path (8) z=<2z; but we must 
now write 


z= x(cos 2 7 +7 sin 2 7) = xe?™, Fig. 121 


since the angle of z has been increased by 2 7 by the passage around 
the circle R. Hence the integral is 
ie Tape ees, z=" xz? [cos 2(p —1)4 +7 sin 2(p — 1)r] | 
R 1+72 1l+¢2z 
Along path (4), z= re”. The integral is 
0 rP—1et(p—1)8 


Ie ere Id 


and the limit of this is zero as r —> 0, since p > 0. 

Putting together the four results and at the same time passing to the 
limit, we have 

wo Pl 0 x?! cos 2(p —1)7 702? sin 2(p — 1) 
dx 2 dr + if ————————_ dz 
JS, 1+72 ti 1+2z i ieee, 
=—27sin (p—1)7 +2 771 cos (p —1)T. 

_ Equating real parts and making alaple reductions, we have 


(1 — cos 2 pr) f= 


- dr = 2 7 sin pr, 


wo eP-} pee T 
—— dg = ——— = ——: 4 
a i 1+z2 2sin? pr sinpr (4) 
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150. Application to Bessel functions. We have seen in (4), $116, 


that x” i } : : , 
Ine) = [eta ey t (1) 2 
o ara T(n+4)J/-1 

is a solution of the Bessel equation 

d’y dy 

gates tw — my =0. (2) 
This leads us to inquire whether other integrals of the form 
B , , 
y= rl en (l= tate tat (8) 


may be solutions of the same equation if a and # are properly 
determined. We will accordingly substitute (3) in (2). We obtain 


B 
(2n+ BES rE ie"(1— Fy 2 dt 


& eA 
4 grt? i e™(1 — 12)"+4 dt = 0. (4) 


The first integral in (4) may be integrated by parts, using P 
u = te™ and dv = t(1 — t”?)"~2 dt. Then (4) reduces to 
t=, 


E ix" t1(1 oie ay-tee| = {), (5) 


Equation (5) may be satisfied by placing a=—1, B=1. In 
that case we have the integral which 7» 
occurs in the function J,(x). Equation 
(5) may also be satisfied by placing a=1, 
B=1-+70, and we have a solution of 
(2) in the form 


1+ 10 , s 
y= x" i e(1 — 22)"-3 dt. (6) 
1 


To study this we note that the line 


integral of 
fexa =)" 2 ai 


is zero if taken around the closed path 
OPQRSO (Fig. 122) in the planet=£+ 77. 
We leave it to the student to show that 
the integral around the quarter-circle PQ approaches zero as a 
limit as the radius of the cirele approaches zero, and that the 
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integral along RS approaches zero as OS approaches infinity. 
Hence we have 


1+ tc : 5 0 ; ; 
i eb (1 — #?)"-3 dt= -f e'@!(1 — t?)"-3 dt 
1 ee) 
1 
[eae ay, (7) 
0 


where the first integral is taken along the line QR, the second 
along the line SO, and the third along the line OP. 

If we take 2 as real, the first integral on the right of (7) is a pure 
imaginary, since it is taken along the axis of imaginaries where 
e* and (1 — ¢2)"—? are real and dt is a pure imaginary. 

The second integral on.the right of (7) breaks up into a real 


integral 1 é 
f cos xt(1 — t?)"~7 di 
0 
and a pure imaginary integral 
1 
if sin xi(1 — ¢?)"—? dt. 
0 
Hence we have, using /(?(y) to denote the real part of y, 
pL 
Ry) =- of cos at(1 — t?)"—* dt 
0 
Te : 1 
=— ah cos xt(1 — t?)"—3 dé 
iat 
n 1 5 
=— =f CF Py" sh di, 
Cie 


the last transformation being made as was done in obtaining (11), 
§114, and therefore, by (1), 


1 
= — —_____—_-. fy). 8) 
Jn(2) Hida Ta Lb RY) ( 


To obtain the real part of y substitute in (6) 
ars 
= x , 


where » is a new variable. We have, in the first place, 
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; 2w 
If we take out of the parenthesis the factor — a7 and place 


meet 
—i=e ’, then after a few changes we have 


et2n—4 vento ( Zap 
y=- fe HT)" de, (9) 
2 J: 


Let the quantity in parenthesis be expanded by the binomial 
series. The typical term is 


Grol (US re) 
2 2 Pe ee 

cee ass aa (10) 

which must be taken equal to unity when k= 0. Therefore 


(ra)le= a) (se 

tpon—y k=0 a ieee) | eae ov 2 : 

ev2 2 2 2 if ey" +k dy 
0 


k!(22x)* 


1\/ 3 2k—-1\, 
eivgn—t k= ee (»-5 (n= 9 4 1 
(nt 5) 


k!(2 x)* 


1 9 2k—1)? 
seorten (Mo glm—g) (S| 
BS i! 


a it kt (2 x) 2 
= 2 Pte) + iq@(n +5) 
6 = MODMY PPP 3BVn?— 48) 
21(2 x)? | 4!(2 x)! ; 
Q(z) = = eis’ ie 2 te BL. ees 


Therefore the real part of y is ee 
(— Pcosy + Q sin y) FT (n+5) 
2 
and, from (8), J,(#) = rz (P cosy —Qsiny). » (115 
The solution (11) is one which may be used to compute J,,(x) 
for large values of x. The series for P and Q do not, however, con- 


verge; but it may be shown that the error made in neglecting 
the terms after a sufficient number is less than the first term 
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neglected, so that if the series is broken off before its smallest 
term the best degree of accuracy is obtained. 
To prove the statement just made let R;, be the remainder in 


ay \Bs 
the expansion of (1 + =) after the term (10) is reached. 
Then, by (12), § 7, " 


tm akta) a) a 


hl be ae) Papen 
BS pg ee Nl A Cad 
3 k! Qe fad eaaeiaege es 
OSS eee , 3 
But (1+ See <1 in absolute value if k > n ig and 


t lies between 0 and v. Hence 


=e Bon 2) 


(k+1)!(22)e*} 


| R;,| < 
and 


Lf e~’ vo" -3R, dv 


, (n-5)m—3)---(2-) P(n+k+5); 


(k+1)1(2 2)**} 


that is, 


ioe) 
1 
f e~* » -7R, dv 
0 


(n° —3)(m - 2) oe (ne -GAED") 
4/\ 4 4 HL 
a ee | tet | 
(k+1)!(22)**? 2 
From this it follows that the error made in cutting off the series 
P+1Q 
with any given term is less in absolute magnitude than the value 
of the first term omitted. The expansion for J,(x) has, then, the 
same property. Such a series is an example of an asymptotic 
expansion. 
We may find another solution of the Bessel equation by taking 
the imaginary part of the integral y multiplied by any constant. 
In that way we find the solution 


Y,(x) = \ = [Q(x) cosy + P(x) sin y]. 
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EXERCISES 


Carry out the following operations and graph each of the given - 
numbers and the results: 
; : , 1+72 2+37 
1. (2+3%)+ (4-7). 2.(24+387—(4—-7). 38. ear 4. a 
5. Find the modulus and the angle of each of the following numbers: 
1+V-—38, 1—V-3, —4,.—7V-1. 


Find the following powers and express the results graphically : 
6. (2 —3 i). 7. (1—iV2)?. 8. (1 + 2)%. 9. (1 — i)4, 


Find all the values of the following indicated roots and locate them 
graphically : 


4 4 5 5 3 Surg 
10. V1) 911) V1 188 V2 18. Ve a, NV Sei 


16. If 1, w), we are the three cube roots of unity, prove that we? = w, 
17 = we,1 + a + Wo = 0. 


17. Study the effect on w aN by various paths described by z. 
Express the following as complex numbers: 

Tie. Pele po eeink @. 24. log (— 2). 
19. e—1, 21. cos(—2 +4V—3). 28. cosh (1+ V2). 25. log(1—2). 


Find the orthogonal systems of curves defined by the real and 
imaginary parts of the following functions: 


1 -—1 
2 . 28. log Vz? — 1. 29. V2. 


26. -- 27. log 
z 


2+ 


Study the conformal mapping defined by the following functions: 


30. w = 2". 32. w =sin z. 3440 
1 z+1 

31. w= log z. 33. w=-: 835. w= cosh @. 
Zz 


Calculate the following integrals, where m, a, and b are real 
numbers: 


o sin mx eet ght 
OR MTT Ca 39. Eee, 
36. [ a(x? + a2)? 1h pee de. (a <1 0 <a) 
«© COS mx © COsSx 
37. dz. : 2 
Lov leans 40. f paces (a > 0) 


o ett ro) 00 
38. peas (a <1) a1. f cos 2? dx =f sin x7 dx. 


CHAPTER XVI 


ELLIPTIC INTEGRALS 


151. Introduction. Any integral of the type 
{ P(x)dz, (1) 


where P(x) is an algebraic polynomial, is easily evaluated, and 
only one type of integral occurs; namely, 


grt 


Any integral of the type 
Po) 
dx, 3 
Q(x) ie 


where P(x) and Q(x) are polynomials, may be evaluated by sepa- 
ration into a polynomial and partial fractions. There is necessary 
a new type of integral, namely, 


dx 
Hs aie log x, (4) 


so that the integration of a rational fraction is only possible by 
aid of a new kind of function, the logarithm. In elementary work 
there also arises the type 


dx 1 x 
= == tan =, 
fo ed Tae (5) 
but from the standpoint of the complex variable this is not 
essentially different from (4). 
Any integral of the type 


[RG Vax + b)dzx, ; (6) 


where R(x, \/ax-+ 6) is a rational function of x and Vax +b, 
is integrable. For if we place 


z= ~Var+b, 


we reduce (6) to the type (1) or (3). 
365 
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Any integral of the type 
J RG, Vaan? + br +c) (7) 


is integrable. For we may write 
ax? + ba +c = a(x — r1)(x — 12) 


and place 2(%x—11) = Mee! —11)("#— 2). 


Then agit ra, 
(Al) 
eens ae — T2)e 
2 eg a a a 
Var + br +e= oe 
2 a(re — 71)z 
Cin (2a)? dz, 


and (7) is reduced to the type (1) or (8). This proves the possi- 
bility of the integration, but does not outline the method which 
is necessarily the most convenient in practice. No essentially 
new type of integrals or functions arises, but it is convenient in 
elementary work to have the formulas 


(sS-m iS log (x + Vz? £a2). (8) 

This is as far as we can go in general statements as to the inte- 
grability of algebraic functions. If the integrand involves the nth 
root (n > 2) of a polynomial higher than the first degree, or the 
square root of a polynomial higher than the second degree, the 
integral cannot in general be evaluated in terms of elementary func- 
tions. Of course, particular cases of such integrals may sometimes 
be evaluated. 


The integrals ip R(x, Vax? + bx? + cx + e)dx (9) 
and fre, Vaxt + bx3 + cx? + ex + f dx (10) 


are called elliptic integrals, and their evaluation requires new func- 
tions, the elliptic functions. 

It may be shown that (9) may be reduced to (10) by algebraic 
substitutions, and that the integration of (10) may be reduced to 
the evaluation of integrals of elementary types and the following 
new types: 

1. Elliptic integral of the first kind : 


if dx : 
V (1 — x?)(1 — k?x?) GD) 
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2. Elliptic integral of the second kind: 


— k2y2 


3. Elliptic integral of the third kind: 


dx 
Jf (x? — a)V(1 — 22) — F222) ee 
These are Legendre’s normal forms. Tn all of these it is usual 
to take k < 1. 
We shall show later that (11) may be reduced to 


(— 14 
V4 y? — goy — 93 u) 
which is Weierstrass’s normal form for an elliptic integral of the 
first kind. 

152. The functions sn u, cn u, dn u. Consider the elliptic inte- 
gral of the first kind: 


[i e 
Je V0 = 20 Sn), @) 
This integral defines u as a function of k and x: 
“= K(k, x): 


The quantity k is the modulus of the integral. We shall consider 
it fixed and consider wu as a function of x only. Conversely, x is 
a function of u defined by the integral (1). We use the symbol 
sn u for this function and have, from (1), 

xz = sn U. (2) 

Involved in (1) are also the expressions V1 — x? and V1 — k?z?, 

giving other elliptic functions 


V1—2?=V1—sn?u=cn4u (8) 
and V1 — k?2? = V1 —k? sn? u = dn u. (4) 


There are questions of algebraic signs to be given to the radicals 
involved in (3) and (4) which are partially answered by the state- 
ments taken as part of the definitions, 


sn 0=0, 
en 0= 1, (5) 
ons) = 1- 


All other values come out of these by continuous variation of z, 
as in §137. 
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In (1) we may place cei SIN a). 
> do 
We have “= f = (6) | 
0 V1—k?*sin? > 


This defines u as a function of ¢ and, conversely, ¢ as a function 
of u, which is called the amplitude of wu and is written 


go =am u. 
Then e = Sin (al th) = Sn 4, 
V 1'— 72 = cos (am 4) = cn w, (7) 


V1— k222= V1—k? sin? > — AAI 
Let us now consider the effect on w in (6) by adding z to ¢. 
$y, dd 
(8) 


Let Uy = WS pe SSE Se 
0 V1—k?sin2 


oy + 3 


Then ota Dart a if j ee OO Res, 
V1—k?sint?d Yo V1—k?sin? 
7+ 4 d 
eS) 
7 1—k?sin?¢ 
The first integral on the right-hand side of (9) is obviously equal to 


2 UP abit 2 OF 
0 V1—k?sin?¢ 
In the last integral in (9) place 6=7+y. It becomes 
ete A al 
which is the original w:. Hence if we place 


Z dp : dx 
K= —- = —————— 
if Vi-ksn? 6 J Vi-d-eey |= 


we have, from (9), 


Oy +7 dd 
ooh : 
Ye Siar Mie 
whence gi + a7 =am (uy, +2 K), 
and consequently sn (w.+2K)=—snw, 
en (Wi +2 K)=— enw, (LL) 


dn (uw +2 K)=dn uw, 
since, by (8), oi = am uw. 
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By repetition of these formulas we have 
sn (w+ 4K)=snu, 
en (w+ 4K) =enu, (12) 
dn (u+ 4 K)=dnu. 


The elliptic functions sn w, en w have therefore the period 4 K, 
and the function dn uw has the period 2 K. 

These are not the only periods, however, as will be seen later. 

153. Application to the pendulum. Let a simple pendulum of 
length / swing in an arc of a 
circle. 

Let A (Fig. 123) be the lowest 
point of the bob, B its highest 
point, and P its variable posi- 
tion. Let the angle AOB=a, 
the angle AOP= 6, and let 
OA—= OP = 0B =. 

The differential equation of 
the motion is 


whence 

dé\? 
l an =2g(cos@—cosa), (1) 
the constant of integration being determined by the fact that 
when 6 = a the velocity is zero. 


From (1) we get 3 t 2S (2) 
ae : l 0 V2(cos@ — cosa) 
if we assume that 0 = 0 when t= 0. 
gee 03," 
In (2) place k=sin = = sin —=—sin ¢. (8) 


2 |g 


We have (4) 


\oe= (=<; 
l o V1—k?sin?¢ 
Hence g¢=am 2 t. (5) 


A geometric interpretation of many of the quantities involved 
in this problem may be given. 
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From B draw BB’ perpendicular to OA and intersecting OA 
(produced if necessary) in C. On AC as a diameter describe a 
circle with center at O’. From P draw PM perpendicular to OA 
and intersecting the circle O’ in Q@. Draw CQ and prolong AO to 
meet the circle O at A’, and draw A’P. 


Now: sin § NL Nae [AM 
2] 

k ee EE TOC! [AC 

= sin 5 9 [NT 


(the last result is also true if C falls between A and 0), 


ae EE -MC _ MQ. 
sin $= 75 AC-MC ~ CQ 
Hence od = angle OCQ = am NE : i (6) 
Oy eee MG 
Then on \ft= sin g = 42, (7) 
0 phe ae CU 
ena)St= cos 6 =, (8) 
and, with the aid of (8), 
UNE fy ea aah ee 
dn 7 V1 — k2 sin? ¢ = cos ee Cr (9) 


: Bote) 
since the angle PA’A is 5 


The construction is to be such that as P travels back and forth 
in its swing the point Q describes the smaller circle in a positive 
direction and the angle ¢ varies continuously from 0 to 2 7. 


As ¢ increases from 0 to = the pendulum bob P swings from 
g 
mA l 
from 3 to az, P swings back to A, and t becomes 2 7K. Then 


A to B, and ¢ increases from 0 to K. As @¢ then increases 


as ¢ increases to $ m and then to 2 7, P swings up to B’ and back 
to A, and ¢ becomes successively 3 Jin and 4 2 Ks 


l 
Hence if we take as usual 4 T as the period of the swing, we 


have Be 
rage 
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From (11), §152, 
sn «/? (+2 1) =~ sn {2 


en /2 @+27)=— en" (10) 


an /2 (¢+2 7) dn x/4 


These results are directly evident from the figure; for if at the 
time ¢ the point Q is as shown in the figure, it will be at Q’ when 
the time is t+ 7. Then MQ’ =— MQ, and CM is now minus 
the cosine of the corresponding angle ¢. From (7), (8), (9) we 
may deduce (10) geometrically. 

154. Formulas of Se and series expansion. From 


en ee ee 
V Wit =) ae) ee i247) 


we get du Ss Sn ee 

dz (te =F = ene)’ 
whence, by inverting, eee =cnudnu. (1) 

From en u=V1—sn2u 
we get men) = — sn udn, (2) 

and from dn wu=V1—k? sn? u 
se eat ch ants) 

du — 

From these we sa get Maclaurin’s series 

5 
musu- Oth) +4 it pila os  ) 
enu=1-5 PhO +aH R= tM + 160 may 2 (B) 
Ree aay ees (6) 


From these series follow the formulas, which may also be 
obtained from the original definitions, © 

sn (—u)=—snu, OLE (7) 

en (— u) =en4, . (8) 

dn (— u) = dnu. (9) 
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155. Addition formulas. Suppose u and » to vary so that 


utv=a, 

where a is a constant. Fs 

Then a 1 

Let o) — Sn, $3 = sn 4, 

ty, deed 
eae > du dv 
Then =enudnu. =—envdns». 
$2 = (1 — 81”) (1 — ks), $2? = (1 — s2”)(1 — ks”), 
8 = — (1+ k?)s, + 2 k?si%, 82 = — (1+ k’)s2 + 2 ks2°, 
os ds, ds2 

where se FP cp — i 

Then $182 — 828; = 2 k?s,82(s1? — se”), 

81782” — $2781? = (1 — k?s,7s2”) (so? — 81”), 
$182 — 8281 2 k?s182(8182 + 8281) 
and = i ne ce ee 
§1S2 — $281 1—k 81 S82 
whence _log (8182 — 8281) = log (1 — k?s;7s2”) + Ci. 
- 8182 — S281 

That is, (eRe ==, 

or, written out in full, : 


enudnusnv+envdnvsnu 
1 — k? sn? u sn? v ae 
This is one solution of the differential equation 
du+dv=0, 
of which another solution is evidently 
utv=a. 
Hence, by the theory of differential equations, C must be a 
function of a; that is, 
cn u ae ee a u sn u homey 
To see what function this is we place » = 0 and find 
sn u = f(u); 
therefore f is the function sn. Hence 
snwcnvdnv+snvenudn uw 


goa 1—k? sn? wu sn? 9 


(1) 
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From this we find that 


cn wucnvy—snusnvdnu dnv 


Ce aa 1— k? sn? wu sn? v 2) 
inion) = ER SE eee 


1— k? sn? usn?v 


By the use of (7), (8), (9), § 154, the formulas for sn (u—v), 
en (wu — v), dn (w — v) are easily written. 
156. The periods. We have already defined K by the formula 


K= if oe (1) 
Shey (Lit) k*r*) 
From (1), SHA eect she men Kom C7, (2) 


where k’ = V1 — k2, the real positive root being taken if k < 1. 
Using these values in the addition formulas, §155, we have 


cn wu 
sn (u+ K) See! 

,sn u 
en (u+ K) = z are (8) 


By adding K to w in (3) and again applying (8), we get 
sn (u+2K)=—snu, 
en(u+2K)=—cnu, (4) 
dn (u+ 2 K)=dnu; 
and again, adding 2 K, 

sn (u+4K)=snu, 

en (u+4K)=cnu, (5) 
dn (u+4K)=dnu, 


in full accord with § 152. 
We define K’ by the formula 


1 dt 
Ip: ao 6 
= uf V(1 — t) (1 — k’4?) we 
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Mx bl ies 
Let us place pame ay aT 
— tk't 
LSS VT ee 


where the sign of V1 — x? is fixed as in § 187, since x varies from 
1 to : as t varies from 0 to 1. We have, then, 


dx So: dt ’ 
Vi—2)(1— Pa)‘ Va) 0 — 80)’ 


1 
z dx 
T omaty S ¥ ee eee eee 7 
whence K a G20 — bx) (7) 
From (1) and (7), 
1 
dx ; 
(8) 


or kee 2 See 
eae =[ Vil —2)(1— hx?) 


sn (K + 7K’) = ‘ 
f — tk’ 
en (K + 7K’) = ie (9) 
j dn (K + 7K’) = 0, 


where the sign of en (K + 7K’) is fixed as in § 187. 
The use of the results (9) in the addition formulas gives 


whence 


sn Osea SE: cue 
ken wu 
— tk’ 
en (w+ K-4 5K) = (10) 
kenwu 
ik’ nu, 


NORE oy = ; 
cn u 
whence we get 
sn (u+2K+27K’)=—snu, 
en (u+2K+27K’) =cnu, (11) 
dn (u+2K+27K’) =—dnu. 


_ We may also place 
u+iK’=(u+K+ik)—K 
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and, applying the addition formula and making use of (2) and 
(10), together with (7), (8), (9), §154, we get 


sn (¥u+7K’) = , 
ksn u 
eo tee OUD Ue 
en aS Cede ah ae (12) 
dn (w+ 7K’) Ss 
sn u 
whence sn (w+ 27K’)=snu, 
en (w+ 27K’) =—enu, (18) 
dn (u+27K’) =—dnu, 
and sn (u+47K’)=snu, 
en (u+ 47K’) =cnu, (14) 


dn (u+ 47K’) =dnu. 

Some of the results obtained may be summed up in the fol- 
lowing theorem: 

The elliptic functions sn u, cnu, dnu, are doubly periodic func- 
tions: the function sn u has the periods 4 K and 27K’; the function 
cnu has the periods 4 K and 2K+27K’; the function dn u has 
the periods 2 K and 47K’. 

157. Limiting cases. CASE I. If we place k = 0, we have 


; 
0 V1l— x? 
whence snu=sinu, cenu=cosu, dnu=1. 


The quantity K becomes a and the period 4 K is 27. The 


quantity K’ becomes infinite and ceases to have a significance as 
a period. 
CasE II. If we place k = 1, we have 


w= [a 1— x?’ 


Ged —e" 
whence sn wu = tanh u = A Fee 
cn u = ——— > 
e“+te" 
Z 
dn u = ——— 
e“+2e" 
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The quantity K’ = 3 and the period 47K’ becomes 2 71. The 


quantity K is infinite and ceases to be of importance. 

158. Elliptic integrals in the complex plane. The periods of the 
elliptic functions may also be obtained by considering the various 
values acquired by the elliptic integral, now written as 


: z 
— Fg. gp ee ee eet | il 
y i} V (1 — 2?)(1 — k?2?) () 


by various paths in the plane of the complex variable z = x + wy. 
The singular points of the function 


1 : 
pe I BF smn : y) 
Ite) V(1 — 27) (1 — kz?) @) 


are +1, + 7 At all other points f(z) is regular. 


By §145, any two paths of integration which do not include 
between them one or more of the 
singular points will give the same 
value of the integral. We may 
therefore examine the difference in 
the value of the integral for two 
paths which do surround one or 
more singular points, and since a Fic. 124 
passage around two singular points 
does not change the sign of f(z) we shall take paths surrounding 
two singular points. 

Let wo be the value of w obtained by integration along any 
given path C, (Fig. 124); that is, let 


Ww if us 3 
0 — a a 
(Gn ew (hia ee) lee? wv 2) 
and let Cz be a path which, together with C,, incloses the two 
singular points 1 and — 1. The path Cy may be deformed with- 
out changing the value of the integral into a portion of the axis ° 
of reals from 0 to 1 — r, a circle with radius r and center at z = 1; 
a portion of the axis of reals from 1—r to —1 +r, a circle of 
radius r and center at z = — 1, a portion of the axis of reals from 
— 1+, to 0, and the curve C;. This is shown in the dotted line 


THE COMPLEX PLANE ol7 


of the figure. The value of the integral is then equal to the sum of 
the following seven integrals, taken along these paths: 


ip r dx rs dz 
V(1 — x?) (1 — k2x2) oe — 2?) (1 — k2z2) 
+! SS eaabate et U8 0 St os." =i dx 
—V(1—-22 on —WV (1—2?)(1— kz?) 
=f dz 0 dx 
ee alae a ~1¢rV(1 — x?) (1 — k2x?) 
+ | Vamos V (1 — 22)(1 — k222) aa — 22) 4) 


ee the second and fifth integrals are taken around the respec- 
tive circles, and the changes of sign of the radical are due to passage 
around a singular point. Except for the integrals around the two 
small circles the sum of the integrals in (4) is clearly equal to 
l—r 
4 1S i + Wo 
0 WV(1—2?)(1— k2x?) 
To evaluate the integral around the circle with center at z= 1, 
take ¢ as in Fig. 124. 
Then 1—z=1-—x-yi=r(cos ¢—7sin 9), 
dz=r(sin ¢ +7 cos $)d¢, 
dz 1 af: oe 
———— = fr? F(o)dq, 
V(1 — 22)(1 — kz?) 0 
where F(q) does not contain r as a factor. A similar expression 
is obtained for the integral around the circle with center at 
z=-1. 
Now let r — 0. The value of the sum (4) does not depend upon r. 
We may therefore take the limit and 
have 


(5) 


dz 3 Cs 


——_—___——————— = 4K + wo. (6) 
0 V(1—2?)(1 — k22?) 


(C2) O 
But the value of z in (8) and (6) is 


the same. Hence Fie. 125 
sn(4 K + wo) = sn Wo. (7) 
Consider now a path C3 (Fig. 125) which, together with C, 


1 } 
incloses the two singular points 1 and at It may be deformed into 
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the path shown by the dotted line, and by the methods just 
used we have 


2 dz : 
————————————. = 21K’ + . 8 
ff Vd — 2) — F222) . o 


Hence sn (2 7K’ + wo) = Sn Wo. (9) 


Similar discussions may be applied to other paths to obtain the 
formulas of §156 and other like formulas. jp 

Consider the path of integration (Fig. 126) 
consisting of the axis of imaginaries from O 


to 7R, a semicircle of radius R, andthe axis 

of imaginaries from —7R to O. If R is taken Poa 
1 

greater than =, the path may be deformed aon 


k 1 O R 
into one along the axis of reals from 1 to k 
and back, and therefore the value of the in- | 


tegral along this path is 27K’. Along the 
semicircle place AR 


z= R(cos 8+7sin 6). Fic. 126 


The integral around the semicircle is then of the form 


Tags 
= f F(6)d6, 
2 


where F'(@) remains finite as R—> ©. Hence, by the limit process 
already employed, we have 


2 [ a UL Ce 21K’, 
0 V(1—2?)(1 — kz?) 
2 port NE OTS tae Se. 
0 WV(1—2?)(1 — k22?) 


In this demonstration the axis of imaginaries may be replaced 
by any curve running to infinity and symmetric about O without 
essential change, so that the path of integration in (10) need not 
be specified. 

Equation (10) gives the result 


or (10) 


sn (2K) == 00, 
from which cn (1K’) = 00, 
dn 7K’) = @, 
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From (12), §156, and (4), §154, 


sn (w+7K’) = 


k sn w 
oe! 1+k , | 
=7| ete = 
-1 14+” 
Sheek 
or, replacing w+ 7K’ by w, 

1 2 

sn w nies 7, nee 


~ kw —iK) 6k 
which shows that at w=7K’ the function sn w has a simple pole 
with residue - 

Similarly, the function cnu has at w=7K’ a simple pole 
t 


with residue — ; 


» and the function dn w has a simple pole with 


residue — 1. 
159. Elliptic integrals of the second kind and of the third kind. 


We have defined 2 
0 \ 1— 2? 


as an elliptic integral of the second kind. If we place 


= sin o, 
the integral (1) becomes , 
E(k, ¢) =| V1—k?sin? ¢ dd. (2) 
When ¢ = 3 in (2), the integral is denoted by EZ; thus, 
E= i “VT — sin? $ dd. (3) 
0 


The values both of E(k, #) and of E for various values of 
¢@ and k may be computed by expansions into power series, or 
such values may be found in tables. 

From (2) we have 


btm 
E(k, 6+ 7) aff V1—k sin? 6 de 
7 b+ 
=i) Vi- Fam $ao+ [ V1—k? sin? ¢ d@. (4) 
-/0 + 
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The first integral is evidently 2 E, and if in the last integral 


we place d= +r, 
6 
it becomes [ V1—k? sin? y dy = E(k, ¢). 
0 
Hence E(k, @6+7)=2E+ E(k, >). (5) 
This integral occurs in the problem of finding the length of an 
are of the ellipse x2 ye 
a T 3g h2 
for which we readily compute 
Va? — ex? ee 
= 6) 
— 7? 
where ¢ = Sa is the eccentricity of the ellipse. If in (6) we 
place x=asin ¢, 


$ 
it becomes s= af V1—e?sin? ¢6d¢d = ake, ¢$). 
0 


Then aE is the length of a quarter-arc of the ellipse. 
The integral (1) may be made to depend upon the elliptic 
function sn wu. For if we substitute 


== STs 
and denote the result by E(u), we have 
E(u) =|) dn?udu=u—k [ sn” u du. (7) 
0 0 


This result may be expressed as a power series in wu by the aid 
of § 154. 
The elliptic integral of the third type has been written 


_———S——= Sete. Ord 2 eee a 
(x? — a)V( ae -- a _ kx?) 8) 
e ik (sin? ¢ — a) vi — k? sin? o 

If we place y =n Us a=sn’a, 

: ie du 
this becomes if eas (9) 


A further study of the two integrals (1) and (2) would involve 
properties of doubly periodic functions, which lie outside the scope 
of this book. 
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160. The function p(u). Just as the elliptic integral of the type 
(1), $152, defines the function sn u, so the elliptic integral 


= dx = da 
U =[ SS [ ————___————T_ (1) 
z WV4a8—gor—g3 Je WVA4(x — e1)(x — €2)(x — eg) 
defines x as the function c= p(t), (2) 


which is the Weierstrass elliptic function. We note first that 


= p'(u) = V4 p3(u) — gep(u) — gs, 


so that p(w) is a solution of the differential equation 
(Gr) = 46° — 920 ~ gs. (3) 


The integral (1) may be reduced to a Legendrian integral of 
the first kind. Let us place A 


z= es +5) (4) 


where g is to be determined later. Then, using the second form 
of the integral (1), we have 


Rt ail ces isos aaitssdy> 
g (1-25"r)(1- 25%) ; 
0 g g 


and if wetake g?=e,—e3 and k?= cae (6) 
aby aks dt 
5) b =-| ————: (7) 
(5) becomes u all Tod ED 


If e1, eo, e3 are real and e; > é2 > es, k in (6) is positive and less 
than unity. 

We have, from (7), t= sn (gw), (8) 
and from (2) and (4) we have a relation existing between the 
function sn uw and the function p(w), 


Sos Le ae 9 
plu) =e3 + eT a (9) 


K’ ; 
Let us place ees w’ =—» where K and K’ are derived 


from the integral in (7). Then, from (9) and the formulas of 


§ 156, we have pu +2 w) = p(u), (10) 


p(u+2tw’) = plu). 
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Hence the function p(u) is a doubly periodic function with the 


two periods 2 w and 2 iw’. 
From (9) we obtain readily 


p(w) =e3+ 9? =a, 
p(w + w’) = e3 + kg? = es, (11) 
p(w’) = é3. 
Consequently, from (1), 


ie dx 
e V4 x3 — gox — 93 


= a (12) 
e3 V4 x3 — J2x% — 93 
w+ ow! = ia 


av dee? ide q3. 
and, by combining the last two, 


oe dx 
O= SS Se (18) 
Hi V4 23 — Jor — 93 


161. Applications. 1. Consider the problem of finding the length 
of the arc of a lemniscate 


rt” =2 a7 cos 2 0. (1) 
r 2a?dr 
We have = 
mM Sek rer a 
Place r= 
22 
Ss = dz 
Then = if oe. 
a” J, Vie @) 
h a? s 
whence aa *), (4) 
In the elliptic integral (3), g2 = 1, g3 = 0, e: = 3, e2 = 0, eg =— 3. 
v= fo dz a(es 2adr 
- FS V42—2 J WV4at—rt ©) 
which is the length of a quarter of the lemniscate, and 
w= f- dz -(~ 2adr 
-4 V42—2z V4 at — 14 (6) 


which is obviously imaginary. 
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2. Consider the motion of a spherical pendulum, defined as a 
particle of mass m constrained to move on the surface of a sphere 
under the influence of gravity. 

Using cylinder codrdinates we take the equation of the sphere as 


fate alas: (7) 
Then ds? =dr?-+r?d62-4+ dz? = a+ (2d, (8) 


We shall use Hamilton’s principle and the Lagrangian equa- 
tions with qi = z, gza= 6. Then 


ie aan |G. te : 

=—y= eo as 2+ (a? — 26 | ’ (9) 
V= mg. (10) 

The Lagrangian equations are then 

ze - d/ a%% 
Cee as 20° —g— at (5 = x) ==); (11) 
Ns a oe er ae 

_ ale — 2°)0]=0. (12) 
Equation (12) gives 6= au BF (18) 


Oi 6 


Using this in (11) and carrying out the indicated differentiation, 
we have az a?zz? C72 
a? — 22 Geet (a? Rapa Ue 0 (14) 


which may be written as 


d az? d Ce ) : 
| ee =e 1 
dt & -- =| a ee —2 poe: 9) 
and integrating with respect to t, we have 
a2 (ea 
= a? — gp Bie C2, (16) 
a* —z 
dz\? “ 
or a? 7, = (C2 — 2 gz) (a? — 2”) — Cre: (17) 


This has a resemblance to the differential equation (3), §160, 
satisfied by the function p(t), since the polynomial on the right 
is cubic. To reduce to the exact form of that equation we sub- 


stitute z=As+B 
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and determine A and B so that equation (17) becomes of the 
form 


2 : 
(=) = 4 3 — gis — go. (18) 
This gives, by considering the coefficients of s? and s?, 
Peay pee (19) 
g 69 


whence g; and gz may be determined. 

The cubic polynomial in (17) has-three real roots. For if z = Zo, 
the initial position of the body, the cubic is +, since the velocity 
is real, and z <a, since the particle is on the sphere. When 
z=, the cubic is +; when z=—a, the cubic is —; when 
z= %, the cubic is +; when z =a, the cubic is —. 

Hence the cubic has a root z= 2, between + © and a, a root 
z= 22 between a and 2, and a root z=2z3 between z and —a. 
Moreover, the cubic is positive between z2 and z3 and hence these 
are the extreme heights of the particle. 

Correspondingly, we may write (18) as 


ds\? 
(5) = 4(s — e1)(s — €2)(s — eg), (20) 
2—B z2—B 23—B 
ner ee =I De 
and oa is real when s is between e2 and es. 


dt 
From (20) we have 


= ds 
t= rn or Or 21 
J ian ee Cy 


To determine the constant C let us measure ¢ from the time 
when s = e3. Then 


% ds 
C=— rE ya 
J 4(s — €1)(s — e2) (8 — eg) = 


Pv Gre Spee OS hn Ante NA 
V4(s — €1) (8 — @2) (8 — eg) - 


we have, from (12), §160, 


and if we take w= fo (23) 


C=— wo’. (24) 
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Then u=t+a’; (25) 
whence s= p(u) = p(t+w’), 
and z= Ap(t+ w’)+ B. (26) 
When z = 2s, then s = es, and (21) with (24) gives 
t= (w+ w’) —w’ =a, (20) 


so that the half-period w is the time that it takes the particle to 
go between the extreme positions 22 and 23. 


EXERCISES 


d 
1. Show that [°F where k > 1, can be reduced to a 
— k? sin 


similar integral with k < 1. 

2. Solve the pendulum problem when the bob goes completely around 
the circle, taking the velocity at the bottom of the path as vp. 

3. Solve the pendulum problem when the bob just reaches the top 
of the swing. 


4. A skipping-rope revolves so that each element of the string has 
constant angular velocity about an axis. Assuming that on each ele- 
ment there act centrifugal force and the tension of the rope (neglecting 
gravity), find the equation of the curve in which the rope swings. 


5. Show that 


tr 1\?,, aol) pa, 
= - S|) ie Lona. 
g[1+ G)#+ (5 ri 2-4-6 a 


with k <1. 
6. Show that 
T Dee (5-8) 23-35) 
el ee ee i 
3 zt (5) # 3\2-4 5\2-4-6 
with k <1. 
7. Show that 
fe dex =sn-1(V/1 — 22, k). 
z (1 — 2?) (k’? + kx?) 


8. Show that 


SS =on"!( k). 
0 V1 + 22)(1 + k’2x?) V1+ 2? 


9. Show that 


——_— ao 1 sn-! (=: *}: 
0 Va? — 22)(b? — 2?) @ Die 
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10. Show that 


ff: dx = 4 en ‘a? — x2 vere. 
x V (a? — x?)(42-—b2) 4% 
11. If sis the length of the hyperbola ie y =1 and ¢ its eccentricity, 
show that a GAanP 
s= i F(¢, k) — aeE(¢, k) + ae tan V1 — k2sin? ¢, 


where k = 2 
e 


12. Show that p(— u) = p(u). 
18. Show that 


sn?z — sn? 
sn (¢+y)sn (@—y) = J 


1—k?sn?zsn2y 
1—cen22 
1+dn2z 

15. Verify the series expansion of § 154. 


14. Show that sn 


16. Find the formulas for sn (uw — v), en (wu — v), and dn (u — 2). 
17. Find the values of sn (2 K — u), en (2 K — u), and dn (2 K— 1). 


z dz 
18. Discuss the difference in the values of | ———=———————.. cor- 
J, V(1 — 22) (1 — kz?) ' 
responding to two paths which together inclose one of the points 1 or =. 
dz k 
WV 4(z—e1) (2 — e2) (z — 3) 
corresponding to two paths which together inclose two of the points 
€1, €2, €3. 


20. Discuss the difference in the values of i} > 
z 


(19. Discuss the difference in the values of {f # 
Zz 


dz 
WV 4(z— 1) (2 — €2) (2 — es) 


corresponding to two paths which together inclose one of the points 
€1, €2, OF €3. 
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Addition formulas, elliptic functions, 
372 
Amplitude, function, 368 
Arce, element of, 106, 125, 128 
infinitesimal, 23 
Area, curved surface, 187 
element of, 126 
line integral, 177 
vector, 209 
Argument of complex number, 334 


Bernoulli’s equation, 221 
Bessel functions, 275, 360 
Bessel’s equation, 275 
Beta function, 166 
Binormal, 119 


Calculus of variations, 317 
Cauchy’s theorem, 352 
Characteristics, 293 
Circle of convergence, 355 
Circulation, 200 
Clairaut’s equation, 227 
Continuity, defined, 2 
equation of, 195 
uniform, 4 
Convergence, absolute, 39 
circle of, 355 
comparison test for, 40 
conditional, 58 
of integrals, 147, 151 
ratio test for, 41 
region of, 42 
of series, 38 
uniform, 45, 149, 150, 152 
Coordinates, curvilinear, 124 
cylindrical, 129 
generalized, 329 
polar, 130 
Cosines, direction, 106 


Curl, 212 

Curvature, 121 

Curve, equations of, 118 
length of, 28, 107 
vector equation of, 208 


De Moivre’s theorem, 55 
Del, 211 
Derivative, of a complex function, 345 
defined, 5 
directional, 74 
partial, 66 
Determinant, functional, 99 
Differential, exact, 81, 185 
of function of one variable, 28 
of function of several variables, 
78 
higher, 29, 84 
Differential equation, Bessel’s, 275 
complete, 253 
first degree, 219 
first order, 216 
higher degree, 225 
higher order, 252 
Laplace’s, 301, 306 
Legendre’s, 268 
linear, 220, 253 
partial, 292 
reduced, 253 
second order, 264 
simultaneous, 243, 263 
Differentiation, of definite integral, 
141, 148 
of elliptic functions, 371 
order of, 68 
partial, 65 
Direction cosines, 106 
Direction of a line, 108 
Dirichlet’s integrals, 167 
Divergence, 211 
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Element, of arc, 106, 125, 128 
of area, 126 
of volume, 129, 159 

Envelope, 229 

Euler’s constant, 171 

Euler’s theorem, 73 

Evolute, 233 

Expansion, asymptotic, 363 
of elliptic functions, 371 


Factor, integrating, 222, 238 
Fluid, flow of, 176, 191, 212 
Force, conservative, 84 
Forms, indeterminate, 15, 16, 18 
Fourier series, 295 
Function, 1 
analytic, 347 
Bessel, 275, 360 
Beta, 166 
complementary, 254, 259 
of a complex variable, 332, 
344 
composite, 7, 69 
conjugate, 347 
defined by power series, 45 
dominant, 57, 87 
elliptic, 366, 367 
exponential, 58, 339 
Gamma, 164 
harmonic, 310 
homogeneous, 73 
hyperbolic, 55, 341 
implicit, 91 
inverse, 343 
logarithmic, 342 
regular, 355 
of several variables, 65 
trigonometric, 53, 339 
vector, 209 


Gamma functions, 164 
Geodesics, 323, 327 
Gradient, 77, 210 

Green’s theorem, 181, 192 


Be ie, 
Hamilton’s ptinciple, 328 
Heat low of, 303 
‘ “Helix, 133 


oe 


Imaginary, conjugate, 333 
pure, 332 
Indicatrix, 114, 115 
Infinitesimal, 19, 22 
Integral, of a complex function, 
351 
definite, 134 
elliptic, 365, 376, 379, 381 
line, 174 
multiple, 156 
particular, 254, 261 
surface, 190 
Integrand, infinite, 151 
Integration under the integral sign, 
145, 148 
Interval, 2 
Involute, 235 


Jacobians, 99 


Lagrange’s equations, 329 
Laplace’s equation, 301, 306 
Legendre’s associated polynomial, 272 
Legendre’s equation, 268 
Legendre’s integrals, 367 
Legendre’s polynomials, 270 
Lemniscate, 382 
Length of curve, 23, 107 
L’Hospital’s rule, 16 
Limit, infinite, 146 
Line integrals, 174 
Line, contour, 76 

straight, 108 
Loxodrome, 133 


Maclaurin’s series, 13 

Maxima and minima, 116 

Mean, theorem of, 8 

Mercator’s projection, 133, 351 

Modulus, of complex number, 333 
of elliptic function, 367 


Normal, to plane, 111 
principal, 120 
to surface, 110, 127 
Number, complex, 332 


Operations on series, 46, 51 
Operator, 257 
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Operator del, 211 

Order of infinitesimals, 19 

Orthogonality, condition for, 
126 

Oscillation of a function, 5 


107, 


Parallelism, condition for, 206 
Part, principal, 20 
Path of integration, 183 
Pendulum, 330, 369 
spherical, 383 
Periods, 373 
Perpendicularity, condition for, 107, 
126, 205 
Plane, 110 
osculating, 119 
Point, elliptic, 114 
hyperbolic, 115 
parabolic, 116 
singular, 231 
Pole, 355 
Polynomial, Legendre’s, 270 
Legendre’s associated, 272 
Potential, 199, 308 
Power of complex number, 335 
Projection, Mercator’s, 133, 351 
stereographic, 133, 351 


Region of convergence, 42 

Remainder, Taylor’s series, 10 

Representation, conformal, 348 

Residue, 355 

Rolle’s theorem, 7 

Roots, of Bessel functions, 279 
of complex numbers, 335 
square, 337 
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Scalar product, 205 
Series, Fourier, 295 

operations on, 46, 51 

power, 38 
Simpson’s rule, 189 
Solution, singular, 232 
Stokes’s theorem, 197 
Surface integrals, 190 
Surfaces, 109, 112 

area of, 187 

of revolution, 133 
Systems, orthogonal, 348 


Tangent line, 119 
Tangent plane, 111, 112 
Taylor’s series, 10, 48, 353 
Torsion, 122 

Trajectory, 236 

Triangle, infinitesimal, 26 


Value, absolute, 333 
Variable, complex, 332 
Variation, constrained, 324 
first, 318 
Variation of constants, 255 
Variations, calculus of, 317 
Vector, 203 
Vector function, 209 
Vector product, 206 
Velocity potential, 200 
Volume, element of, 129, 159 
Vortex motion, 200, 212 


Weierstrass, 5 
Weierstrass’s elliptic function, 381 
Work, 176, 200 
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